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This volume is dedicated to Professor
Gunnar Sparr and his more than 40 years of
excellent service and important research
contributions to mathematics and its
applications and to mathematics education.






Preface

This book is dedicated in celebration of Professor Gunnar Sparr’s 65th anniversary
and more than 40 years of exceptional service to mathematics and its applications
in engineering and technology, to mathematics and engineering education, and
to interdisciplinary, industrial and international cooperation. There are very few
scientists who during their career manage to make successful and significant, lasting
contributions simultaneously in the theoretical development of their subject, in
its applications to other subjects, the development of new technology important
for industries and society at large, and the development of education reaching far
beyond their own subject, inspiring several generations of scientists and engineers.
These characteristics of Gunnar Sparr — his deep, versatile and living expansion of
the interplay between theoretical and applied aspects in mathematical research and
education — is one of the main themes reflected throughout this book.

The individual chapters highlight some of Professor Sparr’s broad areas of
interest throughout the years and at the same time show several opportunities
for further research both in mathematics and in applications in other sciences,
engineering and beyond.

The volume starts with the comprehensive biographical review chapter about
Gunnar Sparr and his contributions written by Lars-Erik Persson. This chapter
describes the wide range of activities of Professor Gunnar Sparr in mathematics,
engineering mathematics, and in the mathematical and engineering education.
Scientifically he has made very important and long lasting contributions particularly
in interpolation theory and mathematical computer vision. In particular, in the
first field his contributions have been crucial for developing the modern theory
concerning interpolation between three or more Banach spaces. In the latter
field, his contributions are further strengthened by his being the founder of a
large and internationally recognized research group. The chapter also describes
the great impact of Gunnar Sparr on industrial mathematics in the region and
Sweden, manifested by numerous collaboration projects, and even the founding of
a successful start-up company. It also describes his role in the Swedish educational
system, by being the driving force in the forming of a successful MSc-program
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viii Preface

in Engineering Mathematics, with the mathematical sciences providing the main
engineering tools. These remarkable contributions of Gunnar Sparr in mathematics
and industrial mathematics as well as his outstanding role as an entrepreneur and
ambassador for mathematics have also essentially influenced most of the chapters
in this book.

Chapter 2, written by Georg Lindgren and Gunnar Sparr, starts with a historical
account of engineering mathematics research at Lund Institute of Technology, where
not only the mathematical sciences have played a role. The chapter then discusses
important aspects of engineering mathematics education and the implementation
of the highly successful education programme in Engineering Mathematics, which
started in Lund in 2002. As verified by the employments of those who have finished,
the education has been very successful in preparing students for mathematical work
in a wide range of branches, as well as for doctoral studies in a wide range of
subjects.

The other chapters in the volume are concerned with selected topics in contem-
porary mathematics and engineering mathematics.

Chapter 3, by Jan Koenderink, is concerned with edge detection, one of the most
fundamental operations in image processing. In spite of the fundamental nature and
numerous studies of edge detection, it remains yet unclear what precisely is meant
by “edge”-apart from being what edge detectors detect, or by an “edge detector”-
except for being that which detects edges. Though many edge detection algorithms
are in common use, they “find” slightly different entities and it remains unclear how
one may compare their effectiveness in detecting edges, although this is commonly
done. In this chapter, a principled theory of edge detection is offered that is based
on the structure of the 2-jet of the image at a certain scale. In this theory there is no
such thing as an “edge detector”; edges are defined in terms of the 2-jet as a single
object.

Chapter 4, by Johan Karlsson, Anders Ericsson and Kalle Astrém, is devoted to a
new method of shape modeling by optimising description length using gradients and
parameterisation invariance. In statistical shape modelling, a dense correspondence
between the shapes in the training set must be established. In recent years there has
been a great deal of work on the automatic construction of Shape Models, and in
particular, the minimum description length is shown to be useful in locating a dense
correspondence between shapes. In this chapter, the gradient of the description
length is derived, and the minimum description length is optimised using steepest
descent, yielding faster and better models. To characterise shape properties that are
invariant to similarity transformations, it is first necessary to normalize with respect
to the similarity transformations from the annotated configurations. In this chapter,
it is proposed to align shapes using the minimum description length criterion, and
it is concluded that there is improvement in generalization in comparison to the
normally used Procrustes analysis of minimizing the sum of squared distances
between the corresponding landmarks under similarity transformations. Moreover,
the novel theory to prevent the commonly occurring problem of clustering under
correspondence optimization is presented. The problem is solved by calculating the
covariance matrix of the shapes using a scalar product that is invariant to mutual
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reparameterisations, and an algorithm for implementing the ideas is proposed that
yields stability and model quality improvements with respect to several existing
state of the art algorithms.

The next Chapter 5, by Anders Erikson and Kalle Astrom, is about the thin-
plate spline widely used in a number of areas such as image warping, shape
analysis and scattered data interpolation. This natural interpolating function in two
dimensions has a very intuitive interpretation as well as an elegant mathematical
formulation, but has no inherent restriction to prevent folding, i.e. a non-bijective
interpolating function. This chapter is concerned with the properties of the set
of parameterisations that form bijective thin-plate splines, such as convexity and
boundness. Methods for finding sufficient as well as necessary conditions for
bijectivity are also presented.

In Chapter 6, by Magnus Fontes, a collection of statistical and mathemati-
cal tools, which are useful for the exploration of multivariate data, have been
selected and are presented in a form that is meant to be particularly accessible to
classically trained mathematicians. The chapter contains self-contained and stream-
lined introductions to principal component analysis, multidimensional scaling and
statistical hypothesis testing. Within the presented mathematical framework, a
general exploratory methodology for the investigation of real-world high dimen-
sional datasets that builds on statistical and knowledge-supported visualizations
is proposed. This methodology is then exemplified by applying it to several
different genome-wide DNA-microarray datasets. This exploratory methodology
can be expanded and developed in many directions. Recent promising advances
in the theory for random matrices are presented as an example that, if further
developed, could potentially provide practically useful and theoretically well-
founded estimations of information content in dimension-reducing visualizations.
This chapter can serve as an introduction to, and help to stimulate more research
within, the interesting and rapidly expanding field of data exploration.

In Chapter 7, by Stefan Diehl, the shockwave behaviour of sedimentation in
wastewater treatment is considered. Continuous sedimentation is a common indus-
trial process for separating particles from a liquid. It is used in the chemical, mining,
pulp-and-paper and food industries, and can also be found in most wastewater
treatment plants, where it is a crucial sub-process of a complex biological system.
The process continues to present scientific problems that lead to fundamental
research in different disciplines such as mathematics and wastewater, chemical,
mineral, control and automation engineering. In this chapter a selective survey
of previous results within the field of pure and applied mathematics is presented,
with a focus on a nonlinear convection-diffusion partial differential equation with
discontinuous coefficients. In a model of a wastewater treatment plant, such an
equation is coupled to a set of ordinary differential equations. New results on the
steady-state solutions of such a coupled system are also presented.

Chapter 8, by Palle E. T. Jorgensen and Myung-Sin Song, is concerned with
wavelets, image compression, and encoding. A family of multi-scale algorithms is
developed using filter functions in higher dimensions. While the primary application
is to images, i.e., processes in two dimensions, the main theorems are proved in
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a more general context, allowing dimension 3 and higher. The key tool for the
algorithms presented is the use of tensor products of representations of certain
algebras, the Cuntz algebras Oy, from the theory of algebras of operators in Hilbert
spaces. The main result offers a matrix algorithm for computing coefficients for
images or signals in specific resolution subspaces. A special feature with the matrix
operations used is that they involve products and the iteration of slanted matrices.
Slanted matrices, while large, have many zeros, i.e., they are sparse. It is proved that
as the operations increase the degree of sparseness of the matrices also increases,
and as a result, only a few terms in the expansions are needed in order to achieve a
good approximation of the processed image. The expansions presented are local in
a strong sense. An additional advantage of using representations of the algebras Oy
and tensor products is that one gets easy formulas for generating all the choices of
matrices going into algorithms.

In Chapter 9, by Dorin Dutkay and Sergei Silvestrov, this fruitful line of
investigation of applications of operator theory methods and operator represen-
tations of algebras to wavelet analysis and its applications is continued. Wavelet
representations make it possible to apply the multi-resolution techniques of wavelet
theory to a larger class of problems where self-similarity or refinement is the central
phenomenon. They are used to construct wavelet bases and multi-resolutions on
fractal measures and Cantor sets or on solenoids. In this chapter an open question
about the irreducibility of the wavelet representation associated to the Cantor
set is answered by proving that if the quadrature mirror filter does not have a
constant absolute value, then the wavelet representation is reducible. The proof
uses the dynamics of ergodic shifts on solenoids, Birkoff’s ergodic theorem, and
also concavity and Jensen’s inequality for the logarithm function. Such inequalities
for functions and integrals are a broad and important topic in mathematics and its
applications.

The next Chapter 10, by Maria Johansson and Lars-Erik Persson, provides a
review of and deeper insights into multidimensional inequalities of Hardy and
Polya-Knopp types. Multidimensional Hardy-type inequalities are very important
for several areas in mathematics, for example partial differential equations and
homogenization theory and for their applications to e.g. tribology and material
sciences. Sawyer’s well-known two-dimensional Hardy-type inequality from 1985
is complemented and extended in various ways, unifying many ideas and results, and
also new results are proved and interesting open questions are raised. The newest
information about weight characterizations for Hardy-type operators acting between
weighted Lebesque spaces are presented and discussed in this general frame. From
the Sawyer paper we know that for the two-dimensional case we need three inde-
pendent conditions in the case 1 < p <g < co. One main piece of information in
this chapter is that if one of the weights is of product type, then only one condition is
necessary for such characterization and in fact these results also hold in the general
n-dimensional case. And in this case also the similar results can be stated in the
more complicated case 1 <g < p < oo. Finally, also the corresponding limit cases
with Polya-Knopp inequalities are presented and discussed and here the results in
fact hold without any restriction on the weights, which is a remarkable fact.
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In the next Chapter 11, by Lars-Erik Persson, Lyazzat Sarybekova and Nazerke
Tleukhanova, a new Fourier series multiplier theorem of Lizorkin type is proved.
The result is given for a general strong regular system and, in particular, for the
trigonometric system it implies an analogy of the original Lizorkin theorem. The
important role is played by the tools, methods and results from the interpolation
theory and embedding theorems for Banach spaces, such as the Peetre K-functional
for pairs of Banach spaces, Marcinkiewicz interpolation theorem and interpolation
and embedding properties of the Lp and related function spaces.

In Chapter 12, by Hiroyuki Osaka and Jun Tomiyama, the theme of interpolation
and inequalities is continued and expanded in the direction of interplay between
classes of matrix and operator monotone and convex functions and interpolation
classes. A natural extension of monotonicity and convexity of functions to non-
commutative spaces of matrices and operators is via standard functional calculus
and the same inequality based on requirements of monotonicity and convexity but
applied for the standard positivity-induced partial order on matrices and operators
instead of the special case of the order on real numbers. These classes of functions
have important connections to interpolation, approximation, and moment problems,
as well as interesting applications for example in quantum mechanics, quantum
information, automatic control and telecommunication. A deeper understanding of
the relations between these classes of functions for matrices of different sizes is
important for analysis and applications, and many fundamental problems remain
open. Other interpolation classes of functions, which are important for applications
and closely related, are the sets of all positive real-valued continuous functions,
which can be interpolated on a given subset by using a positive Pick function. In this
chapter, the interpolation classes are characterized in a useful way by an operator
inequality, n-monotone functions are characterized from the point of Jensen’s type
inequality for operators, and the understanding of the mutual inclusions between
these function classes is advanced with several new results and solutions of open
problems. Several of Gunnar Sparr’s results and open problems play an important
part in this chapter.

The book closes with Chapter 13, by Sergei Silvestrov, and is concerned with
the two pioneering, far-reaching and in many ways yet to be fully explored papers
by Gunnar Sparr and Jaak Peetre on the interpolation of normed abelian groups
and on non-commutative integration. These papers introduced important methods
and tools unifying many previously known interpolation results and methods within
the same framework at the same time, making it possible to expand and apply
interpolation methods and results to non-commutative spaces in the ways essential
to building non-commutative integration and non-commutative extensions of the
function spaces. In particular, these directions are of importance in e.g. non-
commutative geometry and in applications to quantum physics. While some notions
and methods from these papers have been applied in various contexts, many other
excellent methods and ideas presented in them have remained undiscovered and as
such not been developed further. This final chapter presents a concise state of the
art review of these and some other related important works of Gunnar Sparr, as well
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as some related investigations into non-commutative spaces and non-commutative
integration done in operator algebras and operator theory.

The main aim of this book is to stimulate new advances in the areas of
mathematics represented in the volume and related directions, as well as in the
addressed applications in engineering, physics, life sciences. The book consists of
thirteen carefully selected and refereed contributed chapters with a shared emphasis
on important methods, research directions and applications of analysis within and
beyond mathematics. As mentioned at the outset, the works in this book have been
collected in celebration of Professor Gunnar Sparr’s 65th anniversary and over four
decades of fundamental work in mathematics and its applications in various fields
of mathematics and engineering education, as well as to interdisciplinary, industrial
and international cooperation. This is well reflected in the topics considered in the
individual chapters of the volume. This book will serve as a source of inspiration
for a broad spectrum of researchers and research students, as the contributions lie
at the intersection of the research directions and interests of several large research
communities and research groups in modern mathematics and its applications in
other branches of science, engineering and technology.

Support from the Swedish Research Council, Swedish Foundation for Interna-
tional Cooperation in Research and Higher Education (STINT), Swedish Royal
Academy of Sciences and Crafoord Foundation during preparation of this book is
gratefully acknowledged.

Lund Kalle Astrom
August 2010 Lars-Erik Persson
Sergei Silvestrov
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Chapter 1

Gunnar Sparr: The Remarkable
Mathematician, Entrepreneur and Ambassador
for Mathematics

Lars-Erik Persson

Abstract The article describes the wide range of activities of Professor Gunnar
Sparr, Lund University, in mathematics, engineering mathematics, and in the edu-
cation of mathematics. Scientifically he has made lasting contributions particularly
in interpolation theory and mathematical computer vision. In the latter field, his
contributions are further strengthened by his being the founder of a large and
internationally recognized research group. The article also describes the impact
of Gunnar Sparr on industrial mathematics in the region and Sweden, manifested
by numerous collaboration projects, and even the founding of a successful start-up
company. It also describes his role in the Swedish educational system, by being
the driving force in the forming of a successful MSc-program in Engineering
Mathematics, with the mathematical sciences providing the main engineering tools.

1.1 Introduction

Mathematics is the most fantastic subject which has ever beens created by human
beings. A subject which has survived all trends and developments of new areas
of science. In many cases new results from mathematics have either been the
direct reason or contributed in an essential way to such developments. This
means in particular that mathematics is closely related to our culture, and several
technological tools we nowadays use in a natural way are developed by using
mathematical ideas and theories (e.g. Google search, modern fibre cables, credit
cards, satellite signals, mobile phones, predictions of stock markets, predictions in
the nature, pattern recognition, effective properties of composite materials, etc.).

L.-E. Persson (<)
Department of Mathematics, Luled University of Technology, SE-97187 Lulea, Sweden

Narvik University College, P.O. Box 385, N 8505, Narvik, Norway
e-mail: larserik @sm.luth.se

K. Astrom et al. (eds.), Analysis for Science, Engineering and Beyond, 1
Springer Proceedings in Mathematics 6, DOI 10.1007/978-3-642-20236-0_1,
© Springer-Verlag Berlin Heidelberg 2012



2 L.-E. Persson

It is very important for this development that there exist “entrepreneurs”
with roots in pure mathematics, who also can develop and implement such new
mathematics to the world around us. I claim that Gunnar Sparr is the most splendid
example of such an entrepreneur we ever have had in Sweden, and he has served as
a source of inspiration also for many other Swedish mathematicians with interest
to work in this direction (including myself and many of my students). Gunnar
Sparr can indeed be characterized as a remarkable mathematician, engineering
mathematician and mathematical engineer. He is an outstanding ambassador for our
wonderful subject mathematics.

It is impossible to give a complete picture of such a remarkable man and his work
in a limited article like this. However, I will at least try to give a flavour of his life
and work so far. Let me just conclude my introduction with a few sentences, which
can be seen as an abstract of my further discussion below:

* Gunnar has indeed an unusual and varied carrier. Despite of having worked at the
same place all the time, he has changed focus on his mathematical work several
times.

* Gunnar is a genuine entrepreneur for mathematics both outside and inside the
university.

* Gunnar has planted a number of seeds that have continued to live on their own in
a remarkably successful way.

* Gunnar has always not only claimed that mathematics is useful, but also
practically proved its usefulness by own research, collaborations, and even the
founding of a start-up company.

* Gunnar has also had a great impact on the Swedish educational system by having
been the driving force in the creation of the very successful study programs in
Engineering Mathematics, which today exist both in Lund and Gothenburg.

* Gunnar’s work has stretched borders and in a remarkable way helped to increase
the esteem of mathematics outside the mathematical world.

1.2 Background, Family, Biographical Data

Gunnar Sparr was born 1942 in Karlskoga, but with his full genealogical table from
a small place Vamhus in the province of Dalarna a bit north in Sweden. He was the
only child in a family, where his father was Lars Sparr (1910-1985), an electrical
engineer, and his mother was Mait Sparr (1914-2007).

Gunnar went to high school in Vixjo, in the southern part of Sweden. In 1962,
he started his studies at Lund Institute of Technology (LTH, a faculty of Lund
University) for a MSc in Engineering (Swedish: civilingenjor). LTH then was very
new, having been founded the year before. He was burning for mathematics, and
in parallel to the engineering studies at LTH he studied mathematics at the Science
Faculty. In 1966 he completed a MSc in Engineering Physics at LTH. After that he
started PhD-studies in mathematics, within interpolation theory, with Professor Jaak
Peetre as advisor. This first research period is described in the next section.
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Fig. 1.1 This photo of Gunnar and his wife Annika is taken around 2005 by Professor Michael
Cwikel, who is a close friend of the Sparr family

In particular, during this period he met his wife Annika (born Haaker). They mar-
ried in 1971 and they got two children, Emma (born 1972) and Anna (born 1978).
They have today four grandchildren. Also Annika is a well-known mathematician
working at Lund University (Fig. 1.1).

Gunnar defended his thesis in 1972. In the same year he got a position as
associate professor at the department of mathematics at Lund university. After a
few years of continued research, he qualified for the Swedish honorary degree of
“docent” in 1974. He was promoted professor of Mathematics at Lund Univer-
sity/LTH in 1999.

The environment in which he has worked all of his professional life, the Depart-
ment of Mathematics at Lund University, is famous for having educated and hosted
several very prominent mathematicians. It has a long tradition with excellence in
particular in partial differential equations and functional analysis. From the start
of LTH, a separate division was created to serve LTH with undergraduate teaching
and research. The first professor in mathematics at LTH was Jaak Peetre, assigned
in 1963. During the first decades, the two divisions of the department, belonging
to LTH and the Science Faculty, respectively, developed in parallel and were very
similar in structure and research topics. Successively, however, the LTH division
broadened its scope, both in education and research, to include more engineering
oriented topics, besides the traditional ones. It got a clear identity as belonging
to a technical university. Thus, today it constitutes the fundament of an assigned
engineering program, Engineering Mathematics, and rather unique research profiles
in engineering mathematics, with entrepreneurship manifested e.g. by several spin-
off companies. The transition, to a large extent driven by Gunnar, will be described
below.
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1.3 First Research Period: Interpolation Spaces,
1966—circa 1975

When having finished his MSc in Engineering Physics in 1966, Gunnar started to
work for a PhD in mathematics. His advisor was Jaak Peetre and the subject was
interpolation theory for Banach spaces, a subtopic of functional analysis. Jaak then
was a rather new professor, in fact the youngest in Sweden when appointed, but was
already advisor of several PhD students. He had succeeded to form a group with
very positive climate and much cooperation. Among those who like Gunnar worked
in interpolation theory were Tord Holmstedt, Jorgen Lofstrom, Joran Bergh, and
later Per Nilsson and Bjorn Jawerth. In the vicinity worked Annika Haaker, who
later became Gunnar’s wife. Many researchers came to visit Jaak and Lund.

The thesis project of Gunnar dealt with the generalization of interpolation theory
from couples of spaces to n-tuples. He defended his now famous PhD thesis
Interpolation of several Banach spaces in 1972. Famous because this was one
starting point of a new development concerning interpolation between three or more
Banach spaces. This thesis has had a great impact of the further development of the
interpolation theory.

By that time, 1972, Gunnar had together with Jaak already prepared another
paper, Interpolation of normed Abelian groups, much cited. Here Gunnar came
up with the original idea of adjoining to the scale of quasi-Banach spaces L,,
0 < p < oo, a space Ly, with a metric (not norm) defined by the measure of
the support of f. He made the observation that all ordinary L, spaces, as well
as Lorentz spaces L ,,, could be obtained from Ly and Lo, by an interpolation
construction. There was an analogous situation for operators, with L, defined by
having “rank” as metric. Jaak and Gunnar realized that these cases were instances
of a more general framework. Together they built such in the paper, where also
several other concrete cases were studied.

This second work was then succeeded by another joint paper with Jaak,
Interpolation and non-commutative integration, published in 1975. In this, the two
cases of Ly mentioned above were further united within a framework of gauge
spaces. Also the ideas and results in these works are nowadays fundamental for
the further development both of interpolation theory itself and also of some related
questions concerning function spaces and mathematical physics.

After this, Gunnar devoted a couple of years to the problem of characterizing
interpolation spaces for couples of weighted L ,-spaces. At that time, this was a hot
problem in the field, solved only in a few special cases. Gunnar succeeded to make a
general characterization in an exhaustive and deep paper, Interpolation of weighted
L ,-spaces. For instance, it was proved that A4 is an interpolation space with respect
t0 {L powo- L p, ., } (Weighted L ,-spaces) if and only if

feA K, g) <K(,f)fort >0= g e A, |glla <C]|f|aforsomeC,

where
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Crucial ingredients in this theory were some matrix lemmas, generalizing a
majorizing theorem (inequality) of Hardy, Littlewood and Polya on doubly stochas-
tic matrices and rearrangements. Here it is worth to mention that independently,
and almost simultaneously, Professor Michael Cwikel solved the same problem by
a different method. Michael visited Lund at this time, and a lasting relation with
both Jaak and Gunnar started. As a curiosity can be mentioned that at the same
visit, Michael got aware of another overlap of his own work, namely a paper of
Annika Sparr on conjugate spaces of Lorentz spaces (written 1970, unpublished
for a long time, but finally published in the volume of Contemporary Mathematics
2007 devoted to Michael on his 61th birthday). Also these first results and ideas
concerning K-monotonicity has had a great impact on the further development in
interpolation theory and many wonderful results have been proved and disproved in
more general situations.

After the L ,-paper, Gunnar started to work on an open question in interpolation
theory, raised by Foias and Lions in a classical paper: Characterize all positive
functions / on the positive real axis such that, for linear operators 7,

ENTf N < 1 1ps ITF oo = WS Wlpaw @ll fs then [ TF [ oy < 1S Nl pwy all f.

Since long, it was known that the two cases p = 1 and p = 2 are essentially
equivalent to the theorem of Hardy-Littlewood-Polya and that of Lowner on
monotone matrix functions, respectively. A theorem in the general case thus has
these two non-trivial theorems as special cases. To attack this, Gunnar found a new
and original proof for Lowner’s theorem, with potential to generalize. Even if he
didn’t succeed fully in this, his paper A new proof of Lowner’s theorem on monotone
matrix functions, published in 1980, contains ideas that have initiated further studies
by several authors, e.g. Sergei Silvestrov, Hiroyuki Osaka and Jun Tomiyama.

1.4 First Teaching Period, 1972—circa 1990

During the 1970s, as described above, after his PhD thesis defence Gunnar went
into an intense research period. However, gradually teaching duties took over, both
in volume and devotion. As so many others, he found it impossible to combine full
time work in education with own serious research. He decided to go in for teaching
full-heartedly, and involved himself more and more in teaching and teaching related
tasks. During this period he also wrote an undergraduate text-book in linear algebra,
still in use.

Around 1980, an initiative to modernize the system-oriented courses at LTH
was raised by the educational board. The mathematician Sven Spanne was given
a central role in this, and was the main responsible for adjusting the mathematics
courses to the curricula of the engineering programs. Often courses in mathematics
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at LTH, and other technical universities, were looked upon as poor-man’s versions
of courses at the Science Faculty, but here they got an identity of their own.
The students learned to use rather advanced mathematical topics, fitting to their
surrounding courses. Variants of courses in Linear systems, dealing with the
mathematical foundations of system theory, played prominent roles in different
study programs, providing both skills and motivation. Lund came to play a pioneer
role in Sweden in this respect. Gunnar took a very active role in this, working close
to Sven Spanne.

In particular, in 1983 Gunnar got the responsibility for a course in partial
differential equations, called Continuous Systems. This was, and still is, the final
course in the mathematics chain for the mathematically oriented programs. The
ambition was to cover and integrate all the three links in the chain of engineer-
ing/physical modelling — mathematical analysis of the model equations — physical
interpretation of their solutions, while maintaining a firm mathematical basis. To
this end, Gunnar wrote a text-book (later revised together with Annika), covering
the scope without flinching for abstraction and strict mathematical arguments. For
the first time, elements of computing were introduced in the mathematics courses.
The course has survived over the years, and is well respected and well appreciated,
despite a well-deserved reputation of being difficult. The book is also used at other
universities.

Gunnar was also heavily engaged in other upper level undergraduate courses.
Over the years, he has taken initiative to and developed new and engineering
oriented advanced courses in e.g. Matrix theory, Optimization, Analytic functions.
Later, after having started research in image analysis, he took the initiative to and
developed a basic course in image analysis. This turned out to be particularly fruitful
in the building up of a research group, as described in Sect. 1.7 below.

Summing up, I claim that Gunnar and Sven here initiated and developed ideas
and material for teaching of mathematics for engineers, which had and still has a
great impact of such teaching at many technical universities in Sweden (including
my main working place Lulea University of Technology).

1.5 Search for New Directions: Platform Building,
1985—circa 1995

In several respects, the course in Continuous Systems became a watershed for
Gunnar (and indirectly for the division). In the way it was designed, applications
were very visible, as well as the usefulness of mathematical theory. The course
brought him into contact with very clever students, eager to learn advanced
mathematics and to apply the knowledge to real world problems.

By the mid-1980s, these students were at a stage where they looked for ideas
for master projects. At this time master projects in mathematics were rare. In an
effort to keep these talented and well motivated students within mathematics, and
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to broaden the scope of the activities of the LTH division, Gunnar contacted former
fellow students, working in the industry, to get ideas for master projects. Projects
on real world problems were formulated, with mathematics in the centre, in diverse
fields of applications: Electronics, control theory, medicine, etc. Some examples of
early industrial collaboration partners were RIFA in Stockholm, ASEA in Visteras,
and Ericsson company in Stockholm. One name to be particularly mentioned in this
context is Gunnar Bjorklund, then at the electronics company RIFA, later Ericsson
Components, Stockholm.

Gunnar also had much interaction with other departments at LTH and Lund Uni-
versity, e.g. Automatic Control, Industrial Automation, Electrical Measurements,
Applied Electronics, various Medical departments, .... Particularly important to
him over the years has been Professor Karl Johan Astrom at the Department of
Automatic Control.

From the late 1980s, these contacts resulted in a large number of master projects.
One of the first was Tord Wingren (then surname Nilsson). In a joint project with
RIFA, dealing with laser trimming of thick film resistors, a very efficient algorithm
was developed, possible to use in the production to speed up the process and make it
more reliable. Crucial in this was an ingenious idea of Tord that made it possible to
use rapidly converging series from elliptic functions for computations of conformal
mappings. This was in fact the start of an extraordinary industrial carrier for Tord,
first at RIFA, and later as managing director at Ericsson Mobile Platform (EMP),
and still later a similar position at Samsung Europe. Tord remained a big friend of
mathematics, and has e.g. played a crucial role on the funding side in the realization
of the Sonja Kovalevsky days for Swedish high school students, see Sect.1.12
below.

Another important master project was one stemming from Ericsson, where Johan
Helgesson developed semi-analytic methods for the solution of heat conduction
problems for electronic components. In particular, it enabled an efficient treatment
of the “hot-spots” that are critical in the design of such devices.

Over the years, Gunnar has successfully supervised more than 50 master projects,
to a large extent jointly with industry and other sciences. Gradually, these have got
more and more directed on image applications. Many of these master’s theses have
kept a very high standard. Already from the beginning, when ASEA (later ABB) by
the end of the 1980s during 5 years founded a prize for the best master’s thesis at
LTH, work supervised by Gunnar received the prize three times (Rantzer, Helgesson
and Diehl). In this category of top class master’s theses can also be mentioned
Gunnar’s student Kalle Astrém, (son of Karl Johan) who somewhat later won the
Swedish competition “Innovation Cup”, with a work on laser guided vehicles.

The experiences from these projects came to play an important role for Gunnar.
Through them, he came into contact with industrial partners and began to build an
understanding of their conditions and constraints. He developed a conviction that
mathematics could and should play a more active role in engineering practice and
education. The role of a mathematics department at a technical university should
not only be to transfer tools and knowledge from one generation to the next, and
to serve as consultants to other fields. More generally, a vision of “mathematics as
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technology” began to grow, which later developed into a new study programme in
Engineering Mathematics, see Sect. 1.11 below.

The network of industrial and academic partners, that Gunnar started to build
during this period, then grew through him and his successors. Today it has grown
into a for mathematics departments unusual size. This is depicted e.g. by a large
number of master projects each year, ten to twenty, jointly with industry and
organizations.

In 1987, Gunnar attended the SIAM conference ICIAM’87 in Paris, with a
contribution Applications of elliptic functions in microelectronics, describing joint
works with Tord Wingren and Johan Helgesson. This became a new turning point to
Gunnar, and led him back to research, but in other directions than earlier. (SIAM =
Society for Industrial and Applied Mathematics.)

1.6 Engineering Mathematics as a Research Direction,
1985-Present

By the end of the 1980s, the successful experiences from the master projects showed
that there was a large group of engineering students who would welcome a possi-
bility to continue with PhD-studies in mathematics, but with an engineering profile.
The then existing PhD study program in mathematics was not perfectly suited, partly
because of the direction, but also because students from the engineering faculty
didn’t fit well to the prerequisite claims. In particular, it was difficult for them to
compete with science students on vacant positions.

In this situation, rather than to try to adapt to the study plan at hand, Gunnar took
the initiative to create and implement a new application oriented study plan that
could live in parallel to the existing one. This was done in steps, utilizing the fact
that in the Swedish system there is an intermediate Licentiate degree, about half-
way to the PhD. A new study plan for this degree was developed, and was accepted
in 1988. It was more flexible in the prerequisites but had about the same end claims
on courses, and more freedom in the thesis work.

The first student to finalize such a Licentiate degree was Anders Rantzer (today
he is professor of Automatic Control in Lund). His research project dealt with
complex analysis and algebra in theoretical control and was done in collaboration
with Karl Johan Astrom at the control department. For his thesis, Anders was
awarded the SIAM prize for “Best Student Paper” 1989.

Another early Licentiate thesis was done by Peter Juhlin. In a collaboration
with the Department of Clinical Physiology he studied potential problems in
electrocardiography (fitting well to his parallel background as medical doctor). Peter
then went to USA, where he got a PhD in biomedical engineering.

A sequence of successfully completed Licentiate degrees followed, and the need
for a continuation to a full PhD came up. To meet this, a study plan for a PhD in
mathematics, directed on applied mathematics, was created. It was accepted in 1994.
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In this, also mathematical modelling was counted for, with claims also on courses
from neighbouring sciences. Moreover, publishing in a wide range of journals was
accepted.

The first to finalize a PhD according to this concept was Stefan Diehl, with a
continuation of his Licentiate thesis. This dealt with the modelling and analysis
of sedimentation in waste water treatment by means of conservation laws, in a
collaboration with Professor Gustaf Olsson, Department of Industrial Automation.
Stefan has then continued in this problem area, and today he leads an active and
successful research direction at the department.

Research work also continued along other lines, aiming at mathematical mod-
elling of a variety of technical processes. Often this landed in applications of
partial differential equations. One important problem area, already mentioned,
was the thermal properties of electronic components and circuits. Work continued
with funding from NMP, the Swedish National Program for Microelectronics, in
collaboration with Ericsson and Sven Mattisson at the Department of Applied
Electronics, LTH, and later Ericsson EMP. A kernel for a simulation program
for the temperature distribution in electronic components for use at Ericsson was
developed. Another project, jointly with ASEA, Visteras, dealt with models for
periodic pulse control of asynchronous engines. This work was supported by ITM,
Institute of Applied Mathematics.

Another important research area has been tomography, motivated by medical
applications. Collaboration partners here have been Professors Kjell Lindstrom and
Hans W. Persson at the Department of Electrical Measurements. This department
has played a leading role in the development of ultrasound techniques in medicine.
This time the goal was to use Doppler techniques in mammography. Mathematically
this led to an attractive and rich problem setting, given the name of vector
tomography. Here Peter Juhlin made an early important theoretical contribution.

Vector tomography later became the topic of the PhD theses of Kent Strahlén
and Fredrik Andersson (partly). The latter developed a sharp tool, the moment
transform, casting much light on the core analytical problems. This work is related
both to partial differential equations and image analysis, as is also the case with a
lot of other topics, which will be described in the next section.

Inspired by the projects and students he supervised, Gunnar resumed own
research, often in collaboration with them. As can be seen from the topics, they were
led to make bold excursions into a wide range of mathematics. Still the projects
turned out to land happily, and they attracted very clever students. In this work,
Gunnar was of course helped by the solid and broad training in pure mathematics
PhD-studies in Lund had given him, but also by his engineering degree.

At that time (and maybe still), this kind of work didn’t give much academic
credits in the mathematical community. Despite this, Gunnar felt so attracted by
working in this way that he decided to continue, even to the cost of a possible
academic carrier. It is noteworthy that much later this kind of bridging research
became academically fashionable, and even encouraged. At that stage, in 1999,
Gunnar was among the first to be promoted to professor at LTH.
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1.7 Mathematical Imaging Group, 1990—Present

In 1985, Gunnar was asked by Karl Johan Astrom to be a member of the committee
of the PhD thesis defence of Lars Nielsen in Automatic Control. The title of the
thesis was Simplifications in Visual Servoing. Lars demonstrated the possibility
to design a control system for robots, involving the use of visual information to
identify and move to objects in the scene. In particular, Lars had developed a
system for marking of objects in terms of concentric triangles, making it possible to
discriminate between different objects.

The heart of the matter was the discovery of a relation between certain areas in
the markings, which is invariant under perspective mappings. Lars had found this
by clever, but cumbersome, computing by a computer algebra system, at that time a
new facility.

Gunnar succeeded to make a simple proof, possible to generalize to other
configurations. This was the starting point of a fruitful collaboration on projective
area invariants between Gunnar and Lars. (Lars is today a professor of Vehicular
Systems at Link&ping University.)

Another important contact in imaging at about the same time was Helmut Hertz,
professor at the Department of Electrical Measurements. He is perhaps most famous
for being a pioneer in the development of ultra-sound techniques in cardiology.
Another major achievement of his is the ink-jet printer. In the 1980s, the possibility
to use these for high quality reproduction of digital images had been opened. Helmut
anticipated the future need for “visual” interpolation methods for digital images,
that preserve edges and borders, instead of smoothing them. By Helmut, Gunnar
was early led into this problem, which belongs to a problem area that still is very
active (including subfields like anisotropic diffusion and level set methods).

These two contacts led Gunnar into the field of computer vision, and he started to
study the subject seriously. This is a relatively new field of research, in need
of seemingly unlimited amounts of mathematics and mathematical modelling. In
computer vision one is concerned with the extraction and interpretation of high
level information from images, like pattern recognition, motion, navigation, recon-
struction, and shape. Often a guiding goal is to mimic the corresponding capacities
in biological vision. Computer vision has a very rich field of applications, e.g.
in robotics, medicine, telecommunication, etc. The practicians mostly come from
computer science or electrical engineering, sometimes also physics, but more
seldom mathematics.

A system for computer vision often contains low-level image processing com-
ponents for feature extraction and representation, realized by different kinds
of filtering. Very often this is the crucial step, for instance in many medical
applications.

Scientifically, computer vision may be a strange bird at a mathematics depart-
ment. Aware of this, already from the beginning, Gunnar was very active (and
successful) in finding external funding, in order not to obstruct the core activities
of the department. Luckily enough, the research agency STU, Swedish National
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Board for Technological Development, at this time had started a framework program
in computerized image analysis. Together with Lars Nielsen he wrote a proposal
around the two applications mentioned above. Despite the fact that mathematics
was far away from STU’s ordinary action area, the proposal was approved. The
courage of the committee, with John Graffman as handling officer, to back up
this new actor should be appreciated. Much later it turned out to be well in line
with the commissions of STU, since this came to be the triggering factor for the
Mathematical Imaging Group, which later has played an important role for the
development of image-based industry in the region.

The STU-project lasted for several years, and Gunnar got successively larger
funding. This made it possible to hire a PhD-student and to start the building up
of a small image laboratory at the mathematics department. The STU program
also played an important role in establishing a network of Swedish researchers in
computer vision and image analysis.

At this time, a hot research topic in computer vision was invariancy, notably in
geometry and algebra, but also in contexts related to cognition. The work of Gunnar
and Lars on projective area-invariants was well in line with this, and was recognized
by the leaders in the field. In addition, Gunnar had invented the concept of affine
shape, as a sharp tool to construct and compute with invariants, see Sect. 1.8 below.
The concept was successively developed and presented at the European conferences
in computer vision, ECCV, and was met with a lot of interest and appreciation. Thus
at the conference ECCV in 1992, Gunnar’s paper was selected among the few best
in a separate volume. Further, Gunnar and Lars were invited to the trendsetting
Reykavik meeting in 1991, organized by the research organisations ESPRIT of
EC and DARPA of US. Besides established researchers like Faugeras, Eklundh,
Mohr, Mundy, there were a number of younger scientists who later became eminent
researchers in the field, Zisserman, van Gool, Ponce, Forsyth, .. ..

By this, Lund was placed on the computer vision map. Together with the leading
European groups, Gunnar prepared an application to the third framework program
of EC. The project was called VIVA, Viewpoint Invariant Visual Acquisition, and
got accepted. The key objective was to construct and implement invariants under
specific transformations, and to use them for recognition. Some of the partners in
VIVA were INRIA (France), the universities in Oxford and Leuven, KTH, and the
company General Electric (GEC). The project was running for the years 1993-1996,
and is generally considered to have played an important role for the development of
the field.

The STU-project and VIVA enabled the hiring of PhD-students and further
acquiring of equipments. It enabled big steps to be taken to form what later became
the Mathematical Imaging Group, MIG. An important factor in this was also that
Gunnar at that time started to give an undergraduate course in image analysis,
then a missing theme at LTH. To begin with it was met with some suspicion by
representatives of the study programs, who thought mathematics was a wrong place
for such an engineering oriented topic. However, Gunnar persisted in giving the
course, which attracted many students, and became popular. After a few years the
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course got a place in the study programs. It has since then provided important
professional tools to a large number of LTH-engineers today working with images.

Much of the development of the group was driven by the PhD-education.
Among the first to complete a PhD were Anders Heyden and Kalle Astrém. Their
theses attracted much attention, dealing with projective and algebraic geometry and
invariant theory. Anders got an award for best student paper 1995 at the leading
international conference ICCV, International Conference on Computer Vision, and
Kalle’s thesis was appointed the best thesis in image analysis in the Nordic countries
in 1997.

Of vital importance was the fact that when Anders and Kalle had finished their
PhDs, it was possible to keep them within the group. This was enabled by funding
from two new projects, that were on their way to be accepted, Dynamic Vision from
the Swedish research council TFR, and Cumuli from EC. An important role for the
consolidation of the group was at the same time played by the project VISIT from
SSF, the Swedish Foundation for Strategic Research.

Of these projects, Cumuli, Computational Understanding of Multiple Images
and Applications, was running 1996-2000. It built on the advances made e.g. in
VIVA on projective multi-image geometry, and was directed on applications in
accurate 3D industrial measurements, high speed motion analysis, and augmented
reality. Among the partners were INRIA from France, the Fraunhofer institute from
Germany, and the Swedish company I.V. Image Systems. The project Dynamic
Vision from TFR, 1995-1999, dealt with vision in feedback loops, trying to bridge
computer vision and control. The goal was to use the new theoretical results to
make possible for a robot to perform tasks like motion planning, grasping, obstacle
detection and avoidance. The project VISIT was a broad one, driven together with
other Swedish groups in the field, and played an important role for the cooperation
among these.

At around 2000, the Mathematical Imaging Group was well established. Anders
Heyden and Kalle Astrom quickly had built up good reputations and soon were
established independent researchers. MIG was the largest research group at the
Centre for Mathematical Sciences. All the time it has lived on numerous external
projects with funding from EC, SSE, TFR, Vinnova, VR, and commissioned
research projects. A large number of clever students have got their PhDs in the
group. Among them Fredrik Kahl stands out, who under the last few years has
caught huge prestigious funding from the European Research Council ERC, in
their “Starting Grant” program, and the Swedish SSF, in their “Research Leader
of the Future” program. Fredrik also was awarded the prestigious Marr Prize at the
international conference ICCV in 2005.

As has been described above, from the beginning the two main scientific themes
for MIG were geometry and invariancy. Gradually, the profile then broadened,
and today large parts of computer vision and image processing are covered.
Roughly speaking, the research can be divided into geometric computer vision,
cognitive vision and medical image analysis. A speciality has become applications
of optimization in computer vision, through Fredrik Kahl. Today (spring 2010)
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the group has more than 20 members, among them four professors, five associate
professors, and around 15 post-docs and PhD-students.

A central business idea of MIG has all the time been to take advantage of being
located at a mathematics department. As has been remarked earlier, in this respect it
differs from most other research groups in the field, who in general come from other
sciences. Computer vision and image analysis are in need of a lot of mathematical
modelling and tools from a wide range of mathematics, e.g. projective, algebraic
and differential geometry, linear algebra, partial and ordinary differential equations,
optimisation, harmonic analysis, integral transforms, inverse problems, probability
theory and numerical analysis. To have a broad such background, and the access to
experts, provide an enormous advantage when working in the field.

Today the Mathematical Imaging Group constitutes the largest competence
resource in image processing and image analysis at Lund University. It is active in
numerous collaborations with companies and academic departments in the region.
Members of the group have played crucial roles in a number of spin-off companies,
e.g. Decuma, Cognimatics, Polar Rose, WeAidU, Ludesi, Ange Optimization, and
are involved in several others, e.g. by sharing patents in Cellavision, Precise
Biometrics, Danaher Motion .... A particular relation has been established with
Axis Communications, world-leading manufacturer of network cameras, through
the founder Mikael Karlsson and the R&D manager Daniel Elvin (by the way also
he a former master student of Gunnar).

1.8 Second Research Period, 1990-Present

While the previous sections mainly have dealt with the building of an important
group, initiated and to a large extent developed by Gunnar, this section will be
more directed on Gunnar’s own research in this area. As described above, when
entering the field of computer vision, Gunnar’s main research topics were geometry
and invariance. Rather soon, he established contacts and collaborations with several
of the leading researchers of the field. Very inspiring to him were the contacts
with Professor Jaan Koenderink, Utrecht, with his ability to work across all science
borders and see core structures. Very influential to Gunnar were also the Rosenon
workshops, organized by Professor Jan-Olof Eklundh, KTH, which he attended
several times.

Much of Gunnar’s work the first years centred on the concept of affine shape,
which he had introduced. In this, the guiding star was to find quantitative rep-
resentations of geometric configurations that are independent of the underlying
coordinate representations (to be compared to the analogous claim in physics).
Stated in another way, this means to find representations that are invariant under
affine (or other classes of) transformations. For point-configurations 2~ consisting
of m points X', ..., X" in n dimensions, it can be proven that the linear space

s(2)={E| Y &X* =0 with Y & =0¢ .
1 1
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where X* stands for coordinates in an arbitrary affine system, has the invariancy
properties wanted. The linear space s(Z") is called the affine shape of 2 . Thus
there is a one-to-one correspondence between point configurations and linear
subspaces of R, or equivalently, point configurations are represented by points
in a Grassman manifold.

The concept of affine shape was developed successively in a series of papers, at
several times presented at ECCV-conferences. It was shown to be an efficient and
elegant tool for some of the basic problems of geometric computer vision. One of
these, recognition, was discussed above in the context of VIVA. Another one, the
structure and motion problem, deals with the recovery of the scene structure and the
camera locations from a sequence of images. In this context, Gunnar was the first to
introduce iterative methods, which later became very popular.

Most approaches to these problems are based on point features. However, within
the framework of affine shape also more general configurations could be treated,
e.g. curves. These were to play a fundamental role in the recognition problems of
the next section, about Decuma.

Over the years, with an open mind and big contact network, Gunnar has been
involved in a large number of collaborations. Here I only include a few examples of
such contacts:

¢ In medicine, Gunnar and Professor Hakan Arheden from the Department of
Clinical Physiology started a collaboration between the departments, aiming at
developing diagnostic tools in cardiology from MR-images. Here segmentation
is often a critical step. This has so far resulted in one PhD in mathematics, a few
ongoing PhD-projects, and several master projects, and also a medical course for
engineering students. In a wider context, Gunnar has been active in the planning
group for a centre for bio-imaging in Lund, led by Professor Deniz Kirik.

* In another bio-related project, supported by SSF, Professor Dan Nilsson from the
Biological Vision group and Gunnar have started a collaboration, aiming at using
features of early visual processing of animals for applications in machine vision.

 Still another project, together with the Department of Ophtalmology at Malmo
University Hospital, supported by VR, aimed at tools for detection of glaucoma
from deflections in the nerve fibre layer of the retina, measured by optical
coherence tomography. This led to a model in terms of a differential equation
of eikonal type.

* Several projects and publications have dealt with image processing. In a collab-
oration with Professor Clemens Kaminsky, Department of Combustion Physics,
non-linear diffusion filtering methods were developed for images obtained by
planar laser induced flouescence spectroscopy. An EC-project Floceye, together
with a company LR-Milj6, gave contributions to a system for image based control
of drum thickeners in waste water treatment. A joint project with Stora-Enso
AB, Karlstad, dealt with modelling and analysis of complex microstructures
in paper. Tools for automated biometric systems for person identification and
verification were developed in a TFR-project. An early paper in image processing
used potential theory for edge preserving interpolation.
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e Something completely different was a cooperation with the Swedish artist and
art historian Oscar Reutersvird, famous as inventor of “impossible pictures”.
The concept of affine shape is well suited to analyze such pictures, which also
have some relevance in machine vision, as degenerate cases in reconstruction. (In
fact, this was the subject of Anders Heyden’s Licentiate thesis.) Unfortunately,
because of the decease of Reutersvird, the cooperation ended before the plans of
a joint publications were realized, and was only manifested by a joint seminar at
Lund Mathematical Society in 2000.

Finally, I want to mention that Gunnar’s own research has several times been
interlaced with the work of some PhD-student. Over the years he has been advisor
or co-advisor for 14 students to a PhD, and for additional five students to a Licen-
tiate’s degree. The former group consists of Stefan Diehl, Anders Heyden, Kalle
Astrom, Rikard Berthilsson, Kent Strahlen, Fredrik Kahl, Magnus Oscarsson, Bjérn
Johansson, Henrik Malm, Henrik Stewenius, Anders Eriksson, Fredrik Andersson,
Erik Bergvall, and Johan Oinert. The group of Licentiates consists of Anders
Rantzer, Peter Juhlin, Mattias Nilsson, Oscar Wigelius and Charlotte Svensson. Of
these 19 degrees, by today four have become professors (Rantzer, Heyden, Astrom,
and Kahl) and 11 work in industry (which also is a telling figure).

1.9 Entrepreneurship: Decuma, 1998-2004

An experience that significantly influenced Gunnar’s later work was being a co-
founder of the spin-off company Decuma. Through this he got hands-on experiences
of engineering mathematics in real life.

By the end of the 1990s, Gunnar was contacted by Ericsson, through his former
student Tord Wingren, about a possible collaboration project. The company saw
a future need for input alternatives to keyboards for mobile devices. In particular,
they were interested in transferring handwritten text on a pressure sensitive screen to
ascii-code. Such techniques had appeared on the market, e.g. for pocket computers,
so called “Personal Digital Assistants”, PDAs. However, the technology was not
very well developed.

An obvious complication in handwriting recognition is the fact that the appear-
ance of a written letter varies from person to person, and even over time for a fixed
person. By modelling such variations by some class of transformations, e.g. affine
or similarities, Gunnar realized that the invariants he and others had studied could
be used as identifiers of the different characters. It fitted well to the work of the PhD
student Rikard Berthilsson, who studied invariancy properties of 3D curves in terms
of affine shape. He already had results and algorithms, which when adjusted to the
planar problem at hand, gave promising results.

Encouraged by Ericsson, they prepared a patent application around the mathe-
matical concepts of “shape” and “proximity measures”. The patent was approved in
1999. Around this, the joint-stock company Decuma AB was then founded by Gun-
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nar, Rikard, and Kalle Astrém. By a grant from Idéon Science Park, it got a small
office. A first employee was hired in the beginning of 2000. A big and principally
important step was taken late spring 2000, when a “professional” managing director
was hired. The founders could now concentrate more on research and development.

The company needed financing. In a first round in the beginning of 2000 some
“business angels” came in. A big step was taken later in 2000, when Mikael
Karlsson, founder and director of the telecom company Axis Communications,
came in through his “private” venture capital company Visionalis. He also became a
member of the board, where he added a lot of professional knowledge and valuable
contacts. The company grew, from the beginning mainly on the R&D side. After a
while, with eight PhD in mathematical sciences, Decuma used to present itself as
one of the biggest industrial employers in Sweden of doctors in mathematics.

Having started with Latin letters, the product portfolio was expanded to Asiatic
ones, Japanese and Chinese. This step was of course very challenging, already
because of the number of characters and their complexity. On the other hand, this
same would make the value of a technique avoiding keyboard still larger, and big
markets would be opened. To succeed in this, it was not sufficient to have only
engineering competences. To help this, the linguist Magnus Nordenhake and a few
persons with Asian native languages were hired. Assisted by them, the Decuma
mathematicians Anders Holtsberg and Martin Lindberg developed recognizers for
Chinese and Japanese that turned out to be very competitive, both what concerned
hit-rate and speed.

The company grew also on the marketing side, and at some stage there were
27 employees in total. The products of Decuma were met with big interest in the
IT-world. A first contract was signed for digital pens with the neighbour company
in Lund, Anoto AB. It was followed by contracts for handheld computers with
Casio (Latin) and HP (Japanese). In particular, the latter fact, that a small Swedish
company was chosen by the multi-national company HP to interpret Japanese signs,
was given much attention in professional circles.

The company and its founders also received several awards. Already in 1999,
before the company was founded, the founders were given an award in the Swedish
competition Innovation Cup. In 2000, Decuma was appointed “spin-off of the
year” in the southern region by the Royal Academy of Sciences, KVA. In 2002,
Rikard Berthilsson got the Chester Carlson award from the Academy of Engineering
Sciences, IVA. (Chester Carlson was the founder of Xerox.) Decuma also attracted
a lot of attention in Swedish press, with half- or full pages in the big newspapers
and trade journals. Often they were fascinated by the fact that the founders came
from mathematics (with headlines like “Swedish math geniuses teach the Japaneses
to write”). In Time Magazine, December 2001, Decuma was appointed “Start-up of
the week”.

For a period, Decuma was kind of a figure head for Idéon, who often directed
their prominent visitors to the company. The fact that the company made use of
such a broad range of academic competences, in particular mathematics, was also
very much liked by the university and LTH. Thus Gunnar was on several occasions
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Fig. 1.2 From the ceremony in Copenhagen, where Decuma received the IST Grand Prize 2003. In
the front line Thierre Breton, Director of France Telecom, and chairman of the jury, Roger Larsson,
Anders Berglund and Gunnar Sparr from Decuma. Behind them Erkki Liikanen, EU Commissioner
for Enterprise & Information Society, and Helge Sander, Danish Minister for Science, Technology
and Innovation

called in by the vice-chancellor and deans to present the success story of Decuma to
their official visitors from industry, politics, and administration.

The peak of the Decuma story was reached when the company received the
EC Information Society Technologies (IST) Grand Prize 2003 for “groundbreaking
products and services that represent the best of European innovation in information
society technologies™. This event is organised by Euro-Case, a collective of Euro-
pean Academies of Engineering Sciences (and is sometimes called the ‘“European
championship for IT enterprises”). Besides the prestige, it also gave a significant
amount of money, 200,000 Euro, well needed (Fig. 1.2).

In fact, Decuma had constantly been accompanied by a problem: The company
didn’t get enough income. These were the days of the collapsing IT-bubble, and a
difficult time to survive for a small company like Decuma, with a niche product for
expanding markets. Already in 2001, new investors had been needed, and found in
one Danish and one Swedish venture capital company. Unfortunately, these were
very business oriented and came in with very short time perspectives. For instance,
the R&D was substantially diminished, which of course was a big disaster for a
research oriented company like Decuma.
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The situation was helped a little by the IST prize, which gave a lot of favourable
attention. Already before that, however, contacts had been established with Sony
Inc., and now they developed rapidly. Contracts were signed making Decuma sole
supplier for Sony’s new PDA-device Clié, for recognition of all kinds of characters,
Latin, Chinese and Japanese. Sony had big plans for Clié, in that from an already
large market share for PDAs in USA, they aimed at making Clié the market leader.

Apparently Sony had still wider interests in Decuma. Thus in 2003 they went
in with a large amount of money and became the biggest owner. In the same
round, the Swedish governmental investment agency Industrifonden came in with
an equal amount. Sony even talked about building around Decuma a “centre of
excellency” within the corporation, dealing with a wide span of R&D, not only
handwriting recognition. Here certainly the academic and mathematical flavour of
Decuma played an important role.

However, in the global I'T-decline, even Sony got into trouble. Strategic, global
decisions were taken, resulting in big reorganisations. Despite what seemed to be
in good progress, Sony decided to shut down their PDA division, including Clié.
Decuma’s services were no longer needed to them, and they lost their engagement.

By this, Decuma lost its pace as an independent company. It was difficult to
make a new start, and catch new investors. Decuma was for sale, and in 2004 it was
bought by the Canadian Zi-Corporation. Decuma’s products became part of a bigger
portfolio of mobile services. This made it easier to interact with the big players
on the market, and new contracts were signed. In 2009 another step was taken,
in that Zi-Corporation was bought by Nuance, who presents itself as the “leading
provider of speech and imaging solutions for businesses and consumers around the
world”. Also Nuance has kept an office around Decuma in Lund. The development
of Decuma thus has followed an industrial logic, and it must be seen as a success that
the company has survived these difficult times, and even attracted big companies to
establish themselves in the region.

This is thus the context in which the products of Decuma live today, being further
developed and saled on a global market by a major player. Even if the founders
no longer are on the train, they may feel a satisfaction to know that their efforts
today runs on or even are engraved in the hardware of mobile devices on the global
mass-market. At the same time, the development of Decuma should be seen as a
proof of utility for mathematics and mathematically based industrial products. The
experiences from Decuma were strongly guiding for Gunnar in the implementation
of the Engineering Mathematics study programme, see Sect. 1.11 below.

An instructive experience from Decuma to Gunnar was that in industry you don’t
develop things just because it is possible. (This in contrast to academia, where to
expand what is possible often is the driving force.) You may have the best product
in the world, or feel able to develop it, but if no one asks for it, it deserves not
necessarily to be done. These different criteria must be respected when working in
engineering mathematics.
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1.10 Special Adviser in a Murder Trial

A very special example of applied mathematics deserves a section of its own. It was
about a forensic pattern investigation for a murder trial, getting a lot of attention in
Swedish media.

The background was that an old lady was murdered in Stockholm in 1993. In a
trial, one of her home helpers, Joy Rahman, was judged guilty and later imprisoned.
A central role in the judgement was played by the murder tool, a textile tape, and its
association to a particular Christmas tapestry. This tapestry was found in the home
of another old lady in the neighbourhood, who also had Rahman as a helper.

The association between the textile tape and the tapestry was questioned, along
with other components of the first judgement. A Swedish star lawyer, Peter Althin,
managed to procure a new trial, which took place in 2002. (By then, Rahman
thus had been imprisoned in 8 years.) In advance to the new process, Gunnar was
contacted by the Swedish Prosecutor-General (Swedish: Riksaklagaren), through
Agneta Blidberg (later Palme-prosecutor) about the possibility to investigate pat-
terns on the tape and the tapestry.

Together with Fredrik Kahl and Kalle Astrém, Gunnar accepted the challenge.
They made use of marks in the glue layer of the tape caused by yarn patterns on the
tapestry. A designed method was developed, measuring quantitatively the agreement
between pattern pieces on the two objects. A very good agreement was found, where
the probability that this agreement had arisen by chance could be estimated to less
than 10716, (This should be compared to what is claimed for legal security in DNA
tests, 107°.)

What became controversial in the new trial was the fact that the modelling
also admitted the possibility of shrinking in different scales of the textile tape and
the tapestry. Mathematically, this was modelled by affine transformations of the
patterns. The possibility and magnitude of such shrinking was much questioned by
the defence counsel Peter Althin, while the investigators claimed that the extremely
low probability estimate in fact also gave evidence for that such a shrinking had
occurred.

The Court of Appeal (Swedish: Svea Hovritt) accepted the investigation, having
in their final judgement a sharp formulation (in free translation): “The court finds
that the investigation of Gunnar Sparr gives an unequivocal result, that leaves no
room for interpretations or questionings” (Swedish: “Gunnar Sparrs undersokning
ger enligt hovrittens mening ett entydigt resultat som inte limnar utrymme for
tolkningar eller ifragaséttanden”). We thus have a case, of which there are not so
many, where the validity of mathematical arguments is legally established by a
court. (In the new trial, despite this, Joy Rahman was acquitted, since the total body
of evidence was considered too weak.) This excursion into public life was of course
an unusual, but valuable, experience for a mathematician, where all sympathies of
journalists and the general public seemed to be given to the accused.
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1.11 Mathematical Education, 1998—Present

From the end of the 1990s, Gunnar entered a new direction, in parallel to work
in research, teaching and Decuma. Again he went into education, but this time on
the planning level, performing a sort of entrepreneurship within academia. He and
his collaborators directed themselves at two extremes on the educational spectrum,
Advanced for Few, and Basic for Many.

1.11.1 Forming of a New Study Program

During the 1990s, as described in another article in this volume, mathematics as
technology had developed at LTH, both at the Centre for Mathematical Sciences
(MC) and at other departments. At MC such a development could be seen not
only at the division for mathematics, LTH, but also e.g. at Mathematical Statistics,
especially through Professors Jan Holst and Georg Lindgren. MC was experienced
in industrial and academic applications, and had good relations to neighbouring
sciences. The soil for a designed education program in engineering mathematics
was prepared.

In 1998, Gunnar took the initiative to a letter to the executives of LTH, motivating
and suggesting a new study program. They gave a positive response, forwarding
a task on further investigations to the educational board under Rune Kullberg.
A working group was appointed, with Gunnar as chairman. This group also
contained representatives from industry, in particular Bo Bernhardsson at Ericsson
(also professor at the Department of Automatic Control), who over the years has
been a very important speaking partner to Gunnar.

With Gunnar as the driving force, a plan for a new study program was made. Here
he was guided by his experiences from industrial and other collaborations, described
above. A firm claim was to form an engineering education. The curriculum should
have breadth, reflecting the fact that mathematics is a universal instrument, and
the practicing mathematical engineer should be able to overview and work in
broad areas. Education should prepare to goal-oriented work, where mathematics
is intertwined with engineering or other subjects (biology, economy, medicine, ... ).
By inside experiences through Decuma, Gunnar had seen the immense demand for
mathematicians skilled in programming (or programmers trained in mathematics).
The education should also foster attitudes, not to make way for engineering
argument to get further and find solutions when theory lacks.

The program was planned also to give serious training in mathematical modelling
and mathematical communication. Here, when later coming to the implementation
phase, substantial contributions were made by Magnus Fontes, Kalle Astrom, and
Anders Rantzer.

Once the planning was made, a lot of lobby work followed, directed on education
committees and boards. Some people were positive, and even enthusiastic, but many
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were sceptical. These expressed doubts that the mathematical sciences could be the
core of an engineering program. Here good arguments against could be found in the
good records that MC and other mathematically oriented departments had built up.

After a thorough preparation, the idea was supported by the executives of
LTH, Professors Gunilla Jonsson and Klas Malmqvist, and later also by the Vice-
chancellor of Lund University. The decision to start the Engineering Mathematics
program was taken in 2001.

The first students were admitted in 2002. In the first batch there were 30 students,
after that around 40 per year. Gunnar was the program director 2001-2008, thus
leading the planning and implementation of the whole curriculum He laid a lot of
efforts and all his devotion on this, and was called “Papa IT” by the students. (/7 is
the program symbol of Engineering Mathematics.)

The program opens for a broad range of specializations: Computations and
simulations, Biological and medical modelling, Financial modelling, Environment,
risk and climate, Signals, images and systems. These got well-anchored through a
process where a large number of colleagues from all over LTH were involved in
different planning groups.

Up to 2009, around 50 students have finished their diploma, and have been very
attractive on the job-market. Today they work over the whole spectrum of branches,
depicted by the titles of specializations above. About a third of them have continued
with PhD studies, also this in a broad range of sciences. In 2008, the idea of an
Engineering Mathematics program was taken up by Chalmers in Gothenburg. This
must be seen as a success for the concept, making it still more established.

1.11.2 Strengthening of Mathematics for All Programs at LTH

In Sweden, as well as in other countries, there has been an intense discussion
about the decline in mathematical skills from high school. This is especially evident
at technical universities, where the basis for later studies in engineering subjects
risks to be weakened. At LTH, with Gunnar and the Director of Studies Lars-
Christer Boiers as driving forces, it has been possible to convince the executives
and educational boards to make a strengthening of the mathematics education for
all programs, both what concern quantity and quality. In the realization, a number
of new pedagogical initiatives were taken.

1.12 Administration, General Issues

On the department level, Gunnar has been chairman of the division for Mathematics
at LTH almost all the time since the mid-1980s until his age retirement in 2007. He
has taken very active part in the development and strengthening of the department.
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On a national level, among others, Gunnar has been the chairman of the Swedish
National Committee for Mathematics, a sub-committee of the Royal Swedish
Academy of Sciences, for the period 2005-2008. Before that, he was a member
of the committee since 1998. An important task for this committee is to disseminate
an understanding of mathematics and its role in society, where Gunnar has been
very engaged.

In particular, the arrangement “the Sonja Kovalevsky days” for high-school
students should be mentioned. This is a yearly event with a large number of partic-
ipants. It started in 2000, from an initiative of Gerd Brandell within the committee,
strongly supported by the chairman Professor Christer Kiselman. Gunnar has played
a heavy role in the realization, which was possible thanks to generous support for
several years from Ericsson EMP in Lund. The planning and implementation of the
days were for many years a dear concern of Gerd and Gunnar.

My final words: Thereby I hope that I have been able to give at least a flavour of the
remarkable man Gunnar Sparr, and his contributions as mathematician, entrepreneur
and ambassador for mathematics. Thank you Gunnar for everything you have done
for our dear and fantastic subject mathematics and thank you for everything you
have meant for me pers(s)onally and for my students. It is a great honour for me to
be your friend and supporter.



Chapter 2

The Engineering Mathematics Study
Programme in Lund: Background
and Implementation

Georg Lindgren and Gunnar Sparr

Abstract Since 2002, an education programme Engineering Mathematics has
existed in Lund, with the mathematical sciences providing the main engineering
tools. As verified by the employments of those who have finished, the education has
been successful in preparing for mathematical work in a wide range of branches,
as well as for doctoral studies in a wide range of subjects. The article describes the
background and the implementation of this programme.

2.1 Setting the Scene

Lund Institute of Technology (LTH), today’s Faculty of Engineering within Lund
University, was founded in 1961. Starting with Engineering Physics, during the sub-
sequent years all the classical engineering programmes were established: Electrical
Engineering, Mechanical Engineering, Civil Engineering, Chemical Engineering,
and Architecture. During the last decade, a few programmes of new type have been
introduced. One of them is Engineering Mathematics. In this article we give our
personal view on its background and implementation.

2.1.1 Background

Already from the start of LTH, the mathematical sciences, Mathematics,
Mathematical Statistics and Numerical Analysis, constituted a substantial part
of the curriculum. Mathematics and Mathematical Statistics were represented
by professors Jaak Peetre and Gunnar Blom, respectively, while Numerical
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Analysis was represented by the lecturer Torgil Ekman. When the programmes
at LTH expanded with electrical, mechanical, civil, and chemical engineering, and
architecture, strong positions of the mathematical courses were implemented almost
unchanged, even if architects and chemists got some special treatment with separate
courses.

One of the fundamental principles behind the creation of LTH was that it
should have equal status as KTH and CTH, but that it should complement these
in new areas of national interest, taking advantage of the nearness to Lund
University. The engineering environment in which the mathematical sciences would
work came to include several mathematically oriented subjects, like Automatic
Control, Telecommunication Systems, Teletransmission Theory, Solid Mechanics,
and Electromagnetic Fields. Representatives for these subjects were later to become
instrumental for the creation of the Engineering Mathematics study programme.

The strong position on the educational side opened for early recruitment of
doctoral students, most of them from the science faculty, working also as teaching
assistants. During the 10years period 1966-1976, there were 13 PhD-defenses
in mathematics and mathematical statistics with advisors at LTH. Gunnar Blom,
the professor in mathematical statistics, had worked in industry as a statistician
and encouraged his students to work with problems from many different fields of
probability and statistics. Also in that respect, LTH became “different” from KTH
and CTH.

However different, the first decade of LTH was a period of defining the course
packages and writing new course material and text books. In fact, at this time and
before, Lund had taken the lead in Sweden in writing elementary text-books in
mathematical sciences. If they look traditional today, one should have in mind that
they to a large extent have formed the tradition.

2.1.2 First Steps Towards a New Role in Education

The scientific environment at LTH, in which the mathematical sciences worked, was
very encouraging for the gradual change in the roles of these subjects that took place
during the 1970s. Of course, we never realized, at that time, the future consequences
of these changes, but in retrospect, it is easy to identify a few critical items.

The students soon realized that the mathematics courses didn’t fit perfectly to the
applied courses to follow. Common jokes among the first generations were about the
fact that ‘all’ courses started with a mini-course in Laplace transforms, while these
were too application oriented to fit in the mathematical courses. At the same time,
several of the mathematically oriented engineering departments were very open and
supportive in letting mathematics take a stronger responsibility in the curricula. To a
large extent this depended on their trust in the abilities and overview of Sven Spanne,
a lecturer in mathematics. Through own studies all over LTH and the university, he
had an academic track record, difficult to beat. In order to modernize the Electrical
Engineering and the (new) Computer Engineering programmes, Sven was asked
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by the Educational Board to look over the courses in mathematics. To this end, he
developed a course entitled “Linear Systems”, establishing a common mathematical
basis in transforms, distributions, systems of differential equations, for all system
oriented sciences at LTH. At the same time, their own courses were appropriately
modified. A new feature for the electrical engineering programme was that for a
period the course in linear systems was synchronized with laborative work in a
parallel course in electronics. A general opinion among students and teachers in the
system area was that the new course in linear systems meant a tremendous gain for
LTH.

This course became part of a revision where also the succeeding courses in
mathematics and many related subjects were modified. In particular this was the
case with the topic of partial differential equations, where courses could be found
at different departments. Doubt was demonstrated at that time about the ability of
mathematicians to make such a course, useful for the applications. At last a decision
was made, and the task was given to Gunnar Sparr. High priority was given to make
a course, called “Continuous systems”, where not only the mathematical subject
had priority, but also the physical backgrounds of the equations as well as the
interpretation of solutions. The course came to generate a large number of master’s
theses, and collaboration projects with industry and other departments.

Many students wanted to study more mathematics. To meet this, a flexible system
of more advanced courses developed. These courses were also very much attended
by doctoral students from all over LTH, often strongly encouraged by their advisors.
One could even talk about a “course on demand” system, where the subjects
varied from year to year. Besides the traditional topics for engineering education,
related to analysis and differential equations, also for the time more esoteric ones
were represented, like algebra, graph theory, projective geometry, number theory.
Some courses from this group developed to play prominent roles in different study
programmes, e.g. courses in matrix theory and optimization. During these years,
Jaak Peetre demonstrated much foresight, and introduced students who later became
professors in different subjects with to them important professional tools.

In statistics, a new course in “Stationary Stochastic Processes” created a similar
link as for linear systems to the systems oriented subjects. One of the elective
courses in mathematical statistics was built around Gunnar Blom’s experiences in
operations research. These resulted in one compendium in “Operations Research”
and one in “Stochastic Processes”, containing mostly Markov processes theory and
applications. But there was also one chapter devoted to stationary processes. By
encouragement from Lars Holst in Uppsala, and Rolf Johannesson and Per Eriksson
in Lund, Georg Lindgren expanded this, 1973, into a course in stationary processes
aimed to give the statistical basis for stochastic control and signal processing.
The course was introduced as compulsory for electrical engineers. Holger Rootzén
gave the course a more engineering touch. The course was termed ‘““Stokastiska
processer, allman kurs”, abbreviated SPAK, a name that still remains with its
descendent course. A follow up course, which dealt with time series analysis, was
also introduced in the mid 1970s, with computer experiments on the department’s
pride, Das Gupta, a nickname for the computer HP 9830. Sven Spanne liked to



26 G. Lindgren and G. Sparr

entertain himself on Gupta, and after some years computer labs were introduced
also in linear and continuous systems.

The SPAK course included a few experimental lectures with real signal process-
ing tools, noise generators, and linear filters, experiments which were performed at
the signal processing department, even if the course was organized by mathematical
statistics. This arrangement seems to have been quite unique for an engineering
school, and it was often commented from international colleagues how strange it
was to have an “electrical engineering” course taught by a mathematics department.
For mathematical statistics it meant that generations of PhD students had to face
some real engineering problems, and it laid the basis for much of the future devel-
opment. When Computer Engineering was introduced among the LTH programmes
in the mid 1980s, the SPAK course was made compulsory also there, quite naturally,
in view of the growing Ericsson activities in Lund.

Numerical Analysis was not represented at professor’s level in the original
LTH plan. Research was considered covered by the presence of Carl-Erik Froberg,
professor in Information Sciences at the Science Faculty, and one of the creators
of the electronic computing machine “Siffermaskinen i Lund”, SMIL. The subject
lived for almost two decades together with Computer Science, until it 1999
joined the then new Centre for Mathematical Sciences, with research funding also
from LTH. After the retirement of Carl-Erik Froberg in 1984 it took some years
before the chair got a new permanent holder in Gustaf Soderlind. With him and
his collaborators, research in numerical analysis was revitalized, as well as the
courses offered. This was then further developed after the move to the Centre for
Mathematical Sciences.

2.1.3 Setting the Platform

Organizationally, the mathematical sciences at LTH had their roots in the Engi-
neering Physics programme. In the early 1980s it was time for a restructuring of
this programme, and a working group (lead by director of studies for Engineer-
ing physics Anders Lundstrom, later head of the testing department at Scania)
outlined a plan containing three “applied” branches in the Engineering Physics
programme: Applied Mathematics, Applied Physics, Applied Mechanics. This was
the first time when the mathematical sciences were assigned an independent role
in the engineering education, and they were no longer only basic science — the
baby Mathematics as Technology was born. Even if the concrete study plan was
very modest in mathematical subjects, physics being very strong, modern, and
expanding, it gave them a platform from which they could operate. The courses in
linear systems and stationary stochastic processes linked mathematics strongly with
the engineering (technology) courses in automatic control and telecommunication
theory. A similar chain started with Continuous Systems, and continued with
courses in optics and waves, quantum mechanics and atomic physics. There were
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also strong links between Continuous Systems and other parts of the curriculum for
Engineering Physics, like electromagnetic fields and solid mechanics.

2.2 Research Paves the Way to a New Engineering Programme

The development on the educational side, described above, gradually got conse-
quences on the research side, described next.

2.2.1 Overview

During the 1980s, the mathematical sciences started to cultivate contacts with the
world outside the university. Co-operation with industry grew up, often around
some Master’s thesis project. Several dealt with modeling and analysis of industrial
processes, for instance in microelectronics together with Ericsson and RIFA. Others
were done together with a variety of departments at LTH, e.g. in waste water
treatments, together with the Department of Industrial Automation at LTH. Very
close cooperation was established with the Department of Automatic Control, a
department, which led by Karl Johan Astrom over the years has been very supportive
to mathematics.

A rewarding cooperation, which lasted for almost two decades, started 1984
with the Ophthalmology department in Malmo. It resulted in SITA, the “Swedish
Interactive Threshold Algorithm”, representing a new generation of sophisticated
statistical software for glaucoma diagnosis, now present in instruments at eye
clinics all over the world. Bertram Broberg, professor in Solid Mechanics at LTH,
and Anders Lundstrom also stimulated research in Stochastic Mechanics and the
application of stochastic processes in mechanical engineering. The thesis by Igor
Rychlik in 1986 introduced a new way to describe stochastic fatigue loads that
made a theoretical statistical analysis possible, and has now become the standard
technique.

During the 1980s, several students had made master projects in mathematics
around some application from industry or other sciences. Some of these wanted to
continue with PhD-studies along the same lines. Possibilities were opened through
a new study plan directed on applied mathematics. The first to complete a degree
according to this was Anders Rantzer (who later became a professor of Automatic
Control in Lund), who in 1988 completed a licentiate (about halfway to a PhD in
the Swedish system). He was then followed by a sequence of PhDs and licentiates,
Stefan Diehl, Anders Heyden, Kalle Astrom. . . .

By support in a grant from STU, the Swedish National Board for Technical
Development, for “Engineering mathematical statistics”, it was possible to recruit
Jan Holst back to Lund 1986 from the Danish Technical University. With him,
practical engineering entered also in the statistics PhD theses. His first PhD student
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in Lund defended his thesis 1990 on statistics, heat exchangers and geothermal
energy. This was followed by many statistical Master’s and PhD projects together
with energy industry and other industry, like Sydkraft, Volvo, Scania.

Grants for many application oriented research projects were during the 1990s
obtained also in mathematics from TFR, SSF, EC. By the beginning of the 1990s,
a dominating topic became image analysis and computer vision, where a big and
active research group was built up, mainly by external funding, with Gunnar Sparr
as driving force. The interest from industry in image related problems seemed to be
unlimited, contacts were taken continuously, and a lot of Master’s thesis and other
projects were started. Many of the performers of these were hired by the orderers,
often at the Idéon Science Part in Lund, and a considerable transfer of knowledge
took place. Without doubt, the image group at the Centre for Mathematical Sciences
has played an important role in giving the Lund-Malmo region its strong position in
image based industry. Several companies have their origin in mathematics (Decuma,
Cognimatics, Polar Rose, ....).

Here Decuma has a particular standing, with a product transforming handwritten
text to digital computer code. The company received a lot of attention as a spin-off
company of research in mathematics. This culminated in 2002, when Decuma won
the prestigious EC Information Society Technology Grand Prize, and Sony decided
to make Decuma their main provider for handwriting recognition.

The industry oriented research set a mark in the Master’s thesis examination. At
the beginning of the present century, Mathematics was the largest Master’s thesis
subject in the Engineering physics program, and Mathematical statistics the fifth
largest, together accounting for almost one third of the total, and 40% of the industry
related ones.

2.2.2 The Trondheim Experience, SAM, ECMI,
and Industrial Economy

Before we plunge into the Engineering Mathematics programme we need to mention
a few more steps towards its realization.

¢ The Trondheim experience: In Trondheim, the Norwegian Technical University
had managed a special line of study in Industrial Mathematics, as a profile within
some of the traditional engineering programmes. The celebration of its 10th year
of existence inspired the delegation from Lund to the conclusion that LTH had all
ingredients for a successful industry oriented educational initiative. Karl Johan
Astrom supported the idea of more visible applied mathematics profiles within
the existing programmes in Lund, and a first official proposal was sent to the LTH
board.

* SAM, “Systems and Applied Mathematics: This was an initiative to present
all the advanced courses at LTH on applied mathematics, automatic control,
information technology, and other systems oriented subjects. Bjorn Wittenmark
edited a nice catalogue that showed the strength of LTH in 1992.
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e ECMI, “European Consortium for Mathematics in Industry”: This already exist-
ing European educational initiative had nodes in Copenhagen and at Chalmers in
Goteborg. Especially Jan Holst worked hard to create also a Lund node, and in
1997 Lund was officially admitted to the ECMI circle. Related to this is a double
degree agreement between LTH and the Technical University of Kaiserslautern
that was signed by the LTH rector in 1999 (in fact the first one for LTH).

e Industrial Economy: This new engineering programme at LTH started in 1998.
Here Jan Holst, chairman of the educational board 2002-2006, worked very
energetically to strengthen a structure having “Mathematical Modelling” as one
of the specializations.

2.2.3 Summing Up

By the turn of the century, there thus existed successful groups in applied and
industrial mathematics and statistics at LTH, also recognized economically by the
faculty. These groups not only helped others as consultants, but also by successful
examples demonstrated the potential of mathematics for engineering use, in new
and old areas. This certainly helped to settle the doubts that may have existed about
the needs and prospects for an engineering MSc program, relying on mathematics
as the major tool. The culture that had been built up at the Centre for Mathematical
Sciences certainly was an important component in the creation of the Engineering
Mathematics programme at LTH.

2.3 The Engineering Mathematics Study Programme

During the 1990s, the idea to create a new study programme for a MSc in
engineering (“civilingenjor”) successively developed. This should be a specially
designed programme where the mathematical sciences (mathematics, mathematical
statistics and numerical analysis), and mathematical methodology in general,
provide the central engineering tools. In some of the existing programmes, in
particular Engineering Physics, there was already a possibility by elective courses
to form a mathematical profile, but the new programme should have this character
from start. In this way, it should still more prepare for mathematical work in a broad
range of areas.

2.3.1 The Process

The idea to create a programme along these lines was communicated to the
executives of LTH, who gave a positive feedback, asking for more decision material.
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A working group was formed, with Gunnar Sparr as chairman. After much planning
and lobby work, a decision to start a new programme in Engineering Mathematics
was finally taken by LTH and Lund University. Starting in 2002, it was the first of
its kind in Sweden (in 2008 Chalmers in Gothenburg followed the idea).

In the argumentation, a number of expected characteristics for the programme
were presented. First of all it should deserve to be called an engineering education,
not only to be an education in mathematics with some additional applied courses.
The combination of mathematical theory and engineering subjects was expected
to attract well motivated students, who not otherwise had chosen an engineering or
mathematical education. A hypothesis (which later turned out to be correct) was that
a programme of this kind also would attract female students. The education should
have a holistic approach to mathematics as integrated in the learning process, and
the programme should work as a test-bed for pedagogical ideas. The modelling and
communication aspects should be kept high.

2.3.2 Vision for the Programme

Much of the background and thinking about the programme is summarized in the
following programme vision, presented to the governing board of LTH a few years
after start.

The motto of the programme is Mathematics as Technology.

By tradition, heavy use of mathematics in applications often has taken place together
with physics. This pattern has changed during the last few decades. Today, in order to
become a good applied mathematician, or engineering mathematician, it is not necessary
to be also a physicist. The by tradition strong links between mathematics and physics
have been complemented by a number of other sciences, engineering as well as others,
like economy, biology and medicine. New areas have emerged, often related to information
technology. It is in such borders and frontiers, new and old ones, the programme is acting
by providing the students bridging competences.

The most important factor for the change of scenery is the development within computer
technology. This causes the borderline to what is possible to compute and simulate to
advance continuously. This causes new needs for methods and algorithms, which in turn
increase the claims on mathematical understanding of their behaviour and of the underlying
problems. Another effect of the computer development, no less important, is that completely
new technological/mathematical problem areas and opportunities have emerged, for which
no completed scientific tradition to lean against is available. This has lead to a direct use of
mathematics as technology, without intermediaries from other sciences.

It is from this background the programme has been created, with the mathematical
sciences and computer science as cornerstones. The ability to handle problems that from the
beginning are not formulated in mathematical terms is trained by building and analysis of
mathematical models. But this must be done in combination with other kinds of proficiency.
To this end, within the programme is built a broad basis of such knowledge, with course
providers from four faculties, besides LTH also the Science, Social, and Medical faculties.
System thinking permeates the program. All together this forms an education that creates
possibilities to use mathematical/engineering strategies and tools to attack problems in a
broad spectrum of processes and systems from industry and society. These include not
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only technological but also e.g. biological, economical and medical systems, and various
information systems.

As a study program, Engineering Mathematics tries to enrich the pedagogical manifold-
ness at LTH. The programme aims at being an arena for the development of new issues in
mathematics courses. Two examples of this are the new courses in Mathematical Modeling
and Mathematical Communication. More than any other programme the mathematical
contexts form structural elements in the process of learning, also in other subjects than
the mathematical ones. The education aims to create an open attitude among the students to
get engaged in complex, concrete and perhaps vaguely formulated problems, and to search
to develop creative mathematical/engineering methods for their solution.

At LTH there exists a strong tradition within systems and applied mathematics, with
strong links to industry in many departments. The latter also holds true for the Centre
for Mathematical Sciences, a fact that is crucial for a programme like Engineering
Mathematics, where the mathematical sciences have double roles, being both core subjects
and engineering tools. The Centre has been the growing place for a number of innovations
that have lead to companies and patents. The big contact area against the world around
is illustrated by the fact that the Centre for Mathematical Sciences around the year 2000
was the biggest department what concerns Master’s theses in the Engineering Physics
program, with over 30% of all and almost 40% of all external ones, done with industry
or organisations.

2.3.3 Implementation

The first 30 students in Engineering Mathematics were admitted in 2002. After that
around 40 students have started each year. During the short time since its start, the
programme (like all others at LTH) has undergone a revision, due to the Bologna
process.

At LTH, the adaption to the Bologna framework has been done in terms of a
‘soft” 3 + 2 model. By this is meant that the education is organized as a uniting
Syears education, with a possibility to conclude with a Bachelor Degree after
3 years, if some additional constraints are fulfilled (among them a Bachelor thesis).
This structure has been crucial in the planning of the Engineering Mathematics
programme, since it leaves freedom for more theory from the beginning than should
be possible with a heavy claim on becoming engineers after 3 years.

The first 3 years for Engineering Mathematics are almost completely filled with
mandatory courses. Roughly speaking, the 180 ECTS course credits are distributed
in the following way:

e About 50% to the mathematical sciences (Mathematics, Mathematical Statistics,
Numerical Analysis)
e About 10% to each one of the groups

— Computer science — Programming

— Mathematical modelling — Mathematical communication
— Systems — Signals

— Mechanics — Physics — Field theory

— Economy - Biology — Sustainable development
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This means that every student, besides a lot of mathematics, gets a very broad basic
background in other sciences to use together with mathematics. Moreover, he/she in
this way meets many different scientific cultures, and gets training to communicate
within these.

During years four and five, the student chooses one of five master specializations:

* Biological and medical modelling
e Computations and simulations

¢ Environment, risk and climate

* Financial modelling

e Signals, images and systems

As can be seen, these cover a very wide spectrum, reflecting the fact that mathe-
matics is a common language for large parts of science and technology. A claim in
the design of the specializations has been that they shall have a significant exchange
with the world outside the academy. Profile courses are taught by professionals in
the respective fields. The programme opens up to modern areas of applications, at
the same time as it makes possible to delve into mathematical theory. The education
ends with a Master’s thesis of 30 ECTS.

For economical reasons a programme with only around 40 students can’t have too
many specially designed own courses, but has to rely on courses that can be shared
with other programmes. Still, it has been possible to introduce a number of profile
courses for Engineering Mathematics. Within the mandatory curriculum, two of
them are found already in the first year: Mathematical Modelling and Mathematical
Communication. A theme for the second year is mathematical system theory,
reflected by several courses in mathematics and mathematical statistics (among
them descendents of the ones mentioned above). In the third year there is a special
course package in numerical analysis, designed for this programme. A course
in algorithm implementation trains in efficient implementation of algorithms on
different platforms. The mandatory course block ends with an advanced course in
mathematical modelling, where all the mathematical tools acquired so far are at
disposal. In the master specializations there are specially designed courses in biolog-
ical systems and quantitative human physiology. Also in economy there are courses
designed for students with a strong mathematical background. Besides these, there
are of course advanced mandatory and elective courses in the mathematical sciences
and in other related subjects.

2.3.4 The Students

In all the information material for the programme has been emphasized that “the
programme directs itself to those with a deep interest in mathematics and the use of
mathematics”. Inquiries among the newly arrived students show that this objective
to a large extent has been accomplished. In fact, when asking for the main reason
for choice of program, almost all (and markedly more than other programs), state
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“interest” as the main reason. Looking at the enrollment demands, Engineering
Mathematics is among the most attractive programmes at LTH. It also has had a
comparatively high enrollment of women, typically 30-40%, one year even 45%.
Also geographically, the enrollment from non-local regions is larger than the LTH
average.

2.3.5 Employments Afterwards

Up to mid-2009, there are about 50 students who have finished for a MSc in
Engineering Mathematics. Among them are 15 women. Apparently the engineering
mathematicians are very attractive on the job market, they have been very successful
in getting good and adequate employments. Looking at their first job, of the 50 first
passed, 31 have went to industry and other occupations, while 19 have went to PhD
studies.

In the first category, the following (partially overlapping) branches are repre-
sented (with number of individuals within parentheses):

* Finance and banking (6)

e Energy trading (1)

e Insurance (1)

e Industrial automation and systems consulting (3)
¢ Telecom (4)

e Image technology (4)

e IT software (5)

* Medical engineering (2)

e Radio (1)

* Construction engineering (1)

* Nuclear power engineering (1)
e Own enterprise, consulting (2)

The list shows that the education has prepared well for non-academic careers in a
wide range of branches. Of the 31 who went to industry, 10 got their first job outside
Sweden.

Also those 19 individuals who continued with PhD studies are widely spread
over subjects:

Applied Mechanics, Automatic Control, Bioengineering, Electrical Engineering,
Finance, Geology, Information Theory, Material Science, Medical Imaging,
Signal Processing, Solid Mechanics, and, of course, Mathematics, Mathematical
Statistics, Numeric Analysis.

Also within the group of mathematical sciences, both pure theory and a wide
range of applications are represented. In the latter group can be found e.g. finance,
computer vision, environment, remote sensing. Of the 19 PhD students, five make
their degree abroad, ten in Lund, and four somewhere else in Sweden.
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2.4 Conclusion

The programme in Engineering Mathematics obviously has filled a gap in the
educational system. It was built on existing use of mathematics in the engineering
subjects, and it has successfully exploited the research in applicable mathematics
that has grown up within the mathematical sciences. Its existence has definitely
already strengthened the position of these sciences at LTH, and affected the culture
within them. Hopefully it can also in the future help to open new areas and
roles for mathematical education and knowledge in many sciences, industry and
society. For the future, it is also up to the university to recognize and feel a long
term commitment to Mathematics as Technology — with technology not only as
engineering but as a means for improvement.



Chapter 3
Theory of “Edge-Detection”

Jan J. Koenderink

Abstract “Edge detection” is one of the most fundamental operations in image
processing. Yet it remains unclear what precisely is meant by “edge” — apart from
being what edge detectors detect, or by an “edge detector” — except for being that
which detects edges. Many edge detection algorithms are in common use, they
“find” slightly different entities and it remains unclear how one may compare their
effectiveness in detecting edges, although this is commonly done. A principled
theory of edge detection is offered that is based on the structure of the 2-jet of the
image at a certain scale. In this theory there is no such a thing as an “edge detector”,
edges are defined in terms of the 2-jet as a single object.

3.1 Introduction

“Edge detection” has been one of the cornerstones of image processing from the
early days on, for instance, David Marr’s seminal book [1] starts with it. What is
an “edge”? (Or any “feature” for that sake!) In the final analysis an edge is what
an edge detector detects. So what is an “edge detector”? It is a “detector of edges”.
Clearly this state of affairs is less than satisfactory. In this paper I attempt to throw
some new light on the matter.

3.1.1 Images and Differentiation

An ideal (see below) “image” is a cross-section of a trivial fiber bundle E" x R*,
where the Eucidean space E” models the conventional “image plane” and the
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non-negative reals R™ the “(image) intensity”. One usually has a model for the
physics that “explains” the intensity. In many cases the intensities are limited from
above, thus one has the segment I = (0, 1) instead of RT. What is important
here is that the image plane and the image intensity dimensions are mutually
incommensurable. In many cases the base space is really Z", i.e., the image plane is
“pixellated”. Here I assume that any pixellation occurs at a scale much finer than the
scale at which “features” (such as edges) are sought. This is the case, for instance, in
the common case of the viewing of high quality glossy prints. Even then the notion
of pixellation is important though, for it suggests that one cannot assume anything
like an “infinitesimal domain”. In image processing “ideal images” don’t occur and
the issue of “differentiability” doesn’t even come up.

The notion of “scale” is essential in any definition of “edge”. For instance, a
meteorological “front” is an edge (e.g., discontinuity in temperature) on the global
scale, but takes a day to pass your town. The “inner scale” of an image (the
“outer scale” being the extent of the current “region of interest”) can be changed
by “blurring”, that is to say, by convolving the image with some rotationally
symmetric, non-negative kernel K (r, o), where the scale parameter o is the “width”
of the kernel. One requires the kernel to be isotropic and space-invariant. A more
interesting requirement is that blurring should not generate detail (called “spurious
resolution” in optics). Blurring should raise the level of local minima and lower the
level of local maxima. It is easily shown that this limits the kernels to Gaussians [2].
Blurring then becomes equivalent to diffusion of intensity.

Taking n = 1 for simplicity, one obtains the kernels

3.1)

of width o and unit weight. The immediate temptation is to pose (“®” denotes
convolution)
I(x,0) = I(x) ® Go(x,0), (3.2)

where /(x) denotes “the” image, apparently the image “at infinite resolution”,
clearly a non-entity. I will consider the expression as a merely symbolic one,
indicating the physical operation of sampling the image at scale o. The kernel
represents the “point operator”. When applied to the image it “takes a bite” out of it
and presents one with the sample (a numerical quantity) /(x, o). The point operator
is parameterized by location and width and yields a localized sample of the image
intensity. I assume one knows the image only through such samples. The image
at “infinite resolution” is a mere virtual entity that is devoid of physical meaning.
The point operator is to be thought of as physical mechanism, a little machine that
quietly sits there and on call queries the image for its local intensity. The title “point”
is quite apt since — like in Euclid’s definition'— it “is that which has no parts”.

'Euclid: Elements. (ca. 300 BC).
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Next consider differentiation. One is tempted to consider the following three
expressions for d1(x, o) as equivalent because of linearity:

A(x,0) = (3.3)
= {1/ (x)} ® Go(x,0) (3.4)
= {1 (x) ® Go(x,0)} (3.5)
= I(x) ® 3{Go(x,0)}, (3.6)

but wait:

— The first interpretation is senseless because the very notion of “differentiability”
of “the” image is undefined.

— The second expression is only slightly better since /(x) @ Go(x,0) = I(x,0) is
at least something, it is again an image. Since we made it ourselves we have some
knowledge of it (Vico’s VERUM FACTUM EST [3]), but since we have only a finite
datastructure of samples “differentiation” in the true sense is not applicable. As
a consequence, this interpretation is useless.

— In contradistinction, the third interpretation makes perfect sense since one differ-
entiates an ideal entity, the analytic function Gy. The kernel G (x, 0)=G(x, o)
is an operator that yields samples of the first derivative. I consider it to be the
physical implementation of a tangent vector.

Think of the kernel G;(x, o) as of a little machine that lurks at a place and that
when queried takes a bite of the image and spews out a sample of the first derivative
of the intensity in the x-direction. In a similar way one constructs higher derivative
operators G, (x, 0).

The k-jet Ji(I,0) of the image is the set {/o(x,0), [1(x,0),..., Ir(x,0)}.
In this paper I consider the 2-jet of images on a 1-dimensional base space
(“image plane” a line, e.g., the images obtained via a linear CCD-array as in a
flatbed scanner).

3.1.2 Models of “Edges”

The primordial image of an “edge” is the unit step function U(x) defined by the
rule U(x > 0) =1, U(x < 0) = 0 (where U(0) remains undefined). By blurring
one obtains the family of blurry step functions at the scale o

U.o) = - (14 et —=2)). (3.7)
2 o2

where “erf” denotes the error function.
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The first derivative at a certain scale o of a very steep edge (of width © <K o)
yields the point operator at scale /o> + u? & o. Thus the first derivative operator
acts as a “perfect edge detector” for the blurry edges. Indeed, it is no coincidence
that all “edge detectors” proposed in the literature are very similar to G;(x, o).

“Real” edges (whatever these might be!), that one believes to “see” in natural
images like photographs, are different from U(x, o) in many ways. No doubt the
derivative operator applied to a random image will yield a non-zero sample at
virtually any location. Then where are the “edges”? There exists no principled
answer to this. This is where the numerous ad hoc approaches one encounters in
the literature diverge.

3.2 A Theory of Edge Detection

I consider images as cross-sections of [E x I, thus on a 1-dimensional domain and
limited in intensity, and the 2-jet J, (o), that is {Io(x,0), I1(x,0), Io(x,0)}. This
is an apt model of the actual image processing setting. Generalization to higher
dimensional substrates is immediate.

I study the neighborhood of a point, for the sake of notation I consider the origin.
I assume that “images” are known only through their samples, i.e., through J;(0)
at the origin. Thus the image structure at a point is summed up through three
numbers. All (typically infinitely many) images that yield the same sample are
mutually indistinguishable, I call them “metameric”. Metameric images agree in
their Taylor expansions at the origin up to (and including) the second order, but
differ in the tails of their Taylor series. Images whose initial three Taylor coefficients
are identically zero yield the same samples as the uniformly zero (“black”) image.
Thus J, (o) at the origin is blind to such black images. The space of black images
has infinite cardinality, whereas the space of images “seen” by J»(o) at the origin is
3-dimensional.

I define the linear operator I as the truncation of a Taylor series at the second
order. It is idempotent, thus a projection. Its kernel is the space of black images.

3.2.1 The Samples Cone and the Samples Solid

The sample corresponding to a unit impulse function of weight a at location x
is a{Go(x,0),G1(x,0),Gy(x,0)} (see Fig.3.1). Its convex hull is a solid cone
with the unit impulse samples as generators. Since arbitrary images are convex
combinations of impulses, all possible samples that one may ever encounter are
apparently to be found in the interior of the cone (see Fig.3.2). Uniform images
of level a yield samples {a, 0,0}, this is a half-line at the origin that lies in the
interior of the cone. It may be denoted “the featureless axis”. Any sample can be
decomposed uniquely as the superposition of a uniform image and a suitably chosen
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Fig. 3.1 The kernels of the
2-jet. The zeroth order kernel 0.4
is the Gaussian bell-shape,

the first order looks like a

classical “edge detector”,

whereas the second order 0
kernel looks like the classical

“Laplacean operator’”

—0.4}

-40 -20 0 20 40

Fig. 3.2 A stereographic
projection of the cone of
impulses from the direction of
the featureless axis. Thus the
point at the center denotes the
featureless axis. The circular
disk denotes the hemisphere
centered on the featureless
axis, the point indicated on its
boundary correspond to
impulses at 00

impulse. Apparently any image is indistinguishable from some “point on a uniform
background”.

There are many alternative ways to construct images that “would explain” a given
sample. For instance, there is always an image composed of three (well chosen)
impulses that explains the sample. One may prescribe the location of the impulses
(say at {—0,0, 4+0}) and find unique amplitudes for any given image. There is no
guarantee that these amplitudes would turn out to be all non-negative though.

However, such characterizations are less than useful because of the upper limit
on the intensity levels which excludes narrow impulses. Apparently one needs to
consider more appropriate descriptions.

The uniform image of the highest intensity yields the sample {1,0,0} with
may be called the “blank point” since it represents the overall white image. The
images I(x) and 1 — I(x) yield the mutually related samples { +u, +v, +w} (say)
and {1 —u, —v, —w}, revealing a central symmetry about the point {%, 0,0}. One
concludes that all samples must lie in the interior of the intersection of the cone at
the origin and the (by the central symmetry) inverted cone at the blank point. This
is a finite volume.

Another way to see this is to remark that all images are limited by 0 < I(x) < 1,
thus lie in the interior of the unit hypercube in the infinite dimensional space with
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7)) it
S, /4
N2 4

Fig. 3.3 The region of possible samples from the 2-jet. It is a convex solid with central symmetry.
The boundary is composed of two mutually congruent smooth patches. The patches meet in
curves where the surface has two distinct tangent planes. At two diametrically located points
(corresponding to the blank and the empty image) the surface has conical singularities

continuous index x. The samples thus lie in the interior of the projection IT of this
hypercube in the 3-dimensional space of samples (see Fig. 3.3).

The projection IT will conserve the central symmetry from the hypercube. This
projected hypercube must lie inside the intersection of the cones considered above.
Some thought reveals that the two cones must be tangent to the boundary of
the volume at the origin and the blank point. By invoking Lyapunov’s convexity
theorem [4, 5] and Pontryagin’s bang—bang principle [6] one finds that the images
that correspond to boundary points are “bars”, that are images with intensity either 0
or 1 and no more than 2 transitions on (—co, +00) (see also Schrodinger [7]).

Although the sets of metameric images are generically of infinite cardinality,
samples on the boundary of the 2-jet solid specify unique images. They are light
or dark bars (2-parameter sets), left or right edges (1-parameter sets) or uniform
images (2 points, the blank image and the “empty image” (the origin)). Apparently
“edges” are indeed special features in the context of the 2-jet in the sense that they
automatically arise as boundary elements.

3.2.2 Canonical Basis: The “Three Pixel Representation”

The 2-jet basis is not orthonormal, its Grammian is

1

X Loy
wre| 0@ 0 (3.8)

37 0 57

Thus there is some reason to look for alternative, more convenient bases.
Since the samples solid is the projection of a hypercube and inherits its symmetry,
it is of interest to find its inscribed crate of maximum volume. In order to find it
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Fig. 3.4 The canonical basis

functions of the 2-jet. Apart 0.75

from obvious under and

overshoots, these functions 0.5

claim three adjacent areas,

left, center and right. The 0.25

2-jet can be interpreted as a

“three pixel sub-image” 0
-0.25

Fig. 3.5 The maximum
volume inscribed crate,
brought into cubical shape via
a suitable affinity. Only one
half of the boundary of the
samples solid has been drawn
in order to visualize the
excellent fit

one divides the substrate into three pieces (—oo, —a), (—a, +a) and (4a, +00)
for a > 0. The crate has volume ae(—a?)/2, which assumes a unique maximum
at a = 0/+/2. The crate is spanned by the vectors (“erfc” the complementary error
function)

Lerfe(3) erfc(3) Lerfe(d)
(ei270)! |, 0 A eiv2me)t |} (3.9)

Qeiymo)™t ) \—(esymo?)™) \ (2eiymo?)™

Taking these as the basis (see Fig.3.4), the crate turns into the unit cube and one
may expect the samples solid to assume a particularly attractive shape. Indeed, the
samples solid snugly fits the unit cube as its volume is only 73.5% of the volume of
the circumscribed sphere (see Fig. 3.5). It looks like a “slightly bloated” or “inflated”
copy of the unit cube.

In this description the image is represented as a piecewise constant function
that assumes different values on the three adjacent regions £+ = (—oc0,0/+/2),
Ct = (—0/+/2,40//2) and RT = (6/+/2, +00), a “three pixel image” (hence
“left”, “center” and “right”). The values will be almost in the range (0, 1), “almost”
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because the sample solid is actually a “slightly inflated” version of the unit cube. The
excursions outside the (0, 1) range are less than 0.146.... Since such excursions
only occur for “true” edges or bars, they hardly ever occur in realistic image
processing settings. The combined regions R~ = £ N CT (complement of R ™),
L™ =CT NR* (complement of L), C~ = R*T N LT (complement of C*) and,
finally, Z= = LT N CT N'R™T (the blank image), with the empty set £ (the empty
image) are the remaining vertices of the crate.

The “sizes” of the pixels can be defined via the arc length of the edge loci
(see below) in the canonical representation. One finds that the 5 and 95% cut-
offs of the edge loci are +2.2646...0. The two outer pixels have a width of
approximately 1.557 .. .0, whereas the center pixel has width 1.4142...0. Thus —
despite the infinite domain — for practical purposes the pixels are of roughly similar
size.

In the illustrations in this chapter this canonical basis will be used in absence of
aremark to the contrary. The Euclidian metric of this representation can be used to
define a semimetric on the space of images, one simply defines the inner product
of two images as the inner product of their images in the canonical representation.
This allows us to define the complement of the projection and consider the space
of images as the direct sum of the space of “three pixel images” and the space of
black images. Any image can be split uniquely in a three pixel image and a black
image. The projection /7 simply discards the black image and retains the three pixel
image. This allows one to construct a unique canonical representative for any set
of metameric images. These canonical (three pixel) representatives are typically
true images (intensities in the range (0, 1)) except for occasional, minor under and
overshoots. This observation is the basis for a simple edge detection algorithm (see
below).

3.2.3 The Edge Loci

The “left edge” L, (with L,(x) = 1iff x < a, zero otherwise) has the locus (see
Figs.3.6 and 3.7)

a2 a?

T 202 ae 202

a e
ox/i)’ o227 o32m |’

%(1 + erf( (3.10)

in the 2-jet space. Of course it is more interesting to consider it in the canonical
basis, though the expressions then are more cumbersome. Especially its arc length
function is complicated (though numerically no problem of course). The total
arc length is 3.276..., only slightly more than that of the length of the edge
progression £LTR~Z (which amounts to 3).

The “right edges” R(a) are simply R(a) = I — L(a). The locus is the image
by central symmetry of the left edge locus. The shape of the left (and by symmetry
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Fig. 3.6 The coordinates of
the edge locus. Notice the 1 /—
great similarity to the
coordinate of the polygonal
arc £1R™Z. Differences are
minor under and overshoots 05k

Fig. 3.7 The edge loci in
relation to the maximum
volume crate. Notice how the
edge loci closely follow edge
progressions, e.g., the left
edge locus the polygonal

arc LYR™T

the right) edge locus closely follows that of the £L*R~Z edge progression, thus it
is characterized through two pronounced curvature and torsion extrema. Looked at
from the direction of the featureless axis the two edge loci smoothly connect into
a characteristic, closed “figure eight” curve. The apparent “intersection” is actually
due to two sharp bends (right angles), one at the empty and one at the blank point.

3.2.4 A Notion of “Complementary Locations”

Two images may be called “complementary” (here “supplementary” would perhaps
be a more apt expression) if they add to the blank image. One might think of
photographic negative and positive (in the old fashioned silver-based process I
mean). Such images are related by central symmetry, they add to a featureless image
(the blank image). In this vein, one might conceive of two impulse images adding to
the equivalent of a featureless image. For this to be possible the corresponding cone
generators have to be mutually coplanar with the featureless axis. It is immediate to
prove that {a, —1/a} (for a € R) characterizes such “complementary locations”.
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Fig. 3.8 The full bar locus. It
is a smooth, closed curve that
straddles the hexagonal

arc LYTRTCTLRTC™. 1t
is the “equator” of the
samples solid, the locus at
which the circumscribed
cylinder with generators
parallel to the featureless axis
touches the samples solid

The central bar (—1, +1) has complementary transitions and so has the left
edge (—o00,0) and the right edge 0, +00). These are evidently special configura-
tions. All bars of the type (—1/a,a) are special in the sense that small variations
of their transition locations lie in the plane spanned by the impulse images
at a and —1/a, thus containing a line parallel to the featureless axis. Thus the
locus (—1/a, a) lies on the cylinder with generators parallel to the featureless axis,
circumscribed to the samples solid: These bars are the strongest features imaginable
[7]1' I’11 refer to them as “full bars”.

The locus of full bars closely straddles the edge progression LTR™CT L R™
C™ of length 6. It is only slightly shorter, its full length being 5.71596. ... This is
due to its “cutting corners”, for the locus of full bars is smooth and doesn’t pass
through the vertices of the cube. (See Fig. 3.8.)

3.2.5 The Principled Definition of “Edge”

So what is an edge? At this point of the exposition a principled definition is possible.

Suppose one has acquired a sample from the 2-jet. Generically it will fall inside
the interior of the samples solid. Together with the featureless axis the sample
defines a unique halfplane. This half plane may conceivably:

1. Fail to intersect one of the edge loci
2. Intersect the left edges locus
3. Intersect the right edges locus

In case of an intersection that intersection is unique. In case 1 the sample cannot
be “explained” by way of an edge, that is to say, there is no step function in the set
(of infinite cardinality) of metametic images. In cases 2 or 3 there exists a unique
explanation in terms of a left or right edge. The sample can be explained as the
convex combination of a unique step function and a unique featureless image. Thus
you obtain a step that is parameterized by two levels an the location of the transition.
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Fig. 3.9 The left and right
edge regions. Either region is
a convex body bounded by
two smooth, ruled surfaces.
The two regions meet in a
line (the featureless axis) and
are mutually congruent by
central symmetry. Their
union exhausts about half of
the samples solid

Thus this is a principled definition of “edge detection’:

Definition 1. One has detected an edge if the sample of the 2-jet allows for an edge
explanation. The edge is unique and characterized by two levels in the range I' and
a location in the range R.

Notice that the process of edge detection is defined, not any “edge detector”.
Although the first derivative kernel G (x, o) certainly looks like a classical edge
detector as familiar from the literature, it is nothing of the sort. The “edge” is only
defined in the 2-jet as a whole.

The samples that lead to a “left edge”-interpretation lie within the convex hull of
the left edge locus (see Fig. 3.9). Both the edge locus and the featureless axis lie on
its exterior. The volume is almost exactly? one quarter of that of the samples solid.

The complement of the union of the left and right edge volumes exists of two
non-convex, mutually congruent, disjunct regions. These regions correspond to dark
and light bars. There are generically infinitely “bar”-explanations possible. In the
majority of cases one may point out a unique full-bar explanation. Although the
issue of bars is — just like that of the edges — an interesting one, it will not be
pursued here.

Thus the samples solid divides into four parts of almost the same volume (see
Fig.3.10). The parts correspond to left or right edges and light or dark bars.
Featureless images are non-generic (the featureless axis, a zero-volume set) and the
blank and empty images even more so (they correspond to points). The applications
oriented image processor might well worry whether this type of “edge detection”
is not overly generous. After all, one doesn’t want to find one quarter of the pixels
classified as edges, edges should be sparse!?

2Since we found these volumes only numerically (the expressions becoming extremely cumber-
some) we cannot exclude the possibility that the ratio might be exactly 1/4.

30ne expects edges to be curve-like, whereas the image is a surface. Thus the fraction of pixels

classified as “edge” should be of the order N _15, where N denotes the number of pixels of the
image (typically 10*-10°).
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Fig. 3.10 The various
regions that parcellate the
samples solid as seen from
the direction of the
featureless axis. The white
hexagon is the maximum
volume inscribed crate, it is
seen inside the (light gray)
silhouette of the samples
solid. The regions of edges
are shown in darker gray

Fig. 3.11 An eye image (part
from a larger image). The
scan-line defines a
1-dimensional image used for
the example

3.2.5.1 “Edges” in Applications

In applications there are many reasons to sharpen the definition of “edge”:

— Samples obtained at nearby locations that lead to the detection of an edge may
actually indicate the presence of “the same” edge. Since edge detections come
with a location, a sophisticated algorithm might combine multilocal detections.
A simpler method is to discard edge detections with locations that are too far
from the location of the sample.

— Samples are always somewhat uncertain, thus a sample actually represents a
finite volume in the samples solid. One should retain only the most conservative
classification (i.e., “no edge”, or “featureless”) over this volume.

Such methods greatly cut down on the number of edge detections. The imple-
mentation of such algorithms is not necessarily simple and may require care
and non-trivial decisions. This is the standard method used in practice. For most
“edge detectors” one needs to set some kind of (essentially arbitrary) threshold value
in order for the detector to select “edges”. At zero threshold an edge detector finds
and edge at every pixel, which is clearly an undesirable behavior.

In our type of edge definition even simple, straightforward implementations
work quite well, even without any ad hoc measures such as arbitrary thresholding.
Just for the sake of illustration, here is a simple example. Figure 3.11 defines a
1-dimensional image as a scan-line through an edge image.
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A very simple algorithm is:

Algorithm I

A. Decide on a scale and compute the 2-jet for every pixel of the image;
B. Convert to the “three—pixel representation”;
C. For every pixel do

2

C.1. Let the sample be {/,c,r}. Find the minimum of {/,c,r}, call it “lower level” m”.
Set{l,c,r}<{l—m,c—m,r —m};

C.2. Find the maximum of {/,c,r}, call it the “articulation a”. Set {/,c,r} <
{l/a,c/a,r/a}.Now {l, c, r} consists of the numbers 0, 1 and &, where 0 < o < 1;

C.2. According to the permutation, classify the pixel as:

Left edge for {1, «, 0};

Right edge for {0, @, 1};

Light bar for {«, 1,0} or {0, 1, a};
Dark bar for {c, 0, 1} or {1,0, a};

C.3. in case of a dark bar, set the “location” to 3(a¢ — 0.5), in case of a light bar, set the
“location” to 3(0.5—a). (Thus the locations are in the range (—1.5, 41.5), the idea being
that the pixels subtend the segments (—1.5, —0.5), (—0.5, 4-0.5) and (40.5, +1.5));

D. Find the ranges of adjacent pixels labeled “left edge”, likewise find the ranges of adjacent
pixels labeled “right edge”. Delete ranges with location of a single sign (this includes ranges
of length one);

E. Find the zero crossings of the locations as function of the pixel index;

F. Define the “edges” as these zero crossings, their nature (left or right edge) is determined, the
edges jump from the lower level to the lower level plus three times the articulation (the “1” level
extends over only one pixel, hence the factor 3).

This algorithm was applied to the scan-line through the eye image (Fig. 3.12).
The length of the scan-line is 106 pixels. The scale parameter was taken o = 4.0.
The algorithm finds two right edges and one left edge. The result is evidently very
reasonable, no further “cleaning” of any kind was required.

Notice that the edge detection process “sees” edges already from a distance as is
evident from the graphs of locations. Thus edges are actually detected in a region of
several times the scale at either side of “the edge”.

Of course the edges indicated by the algorithm depend on the scale. In actual
applications one will run the edge detection algorithm for a range of relevant scales.
In the case of the example, halving the value of o introduces an additional pair of
(minor) left edges, doubling the value of ¢ retains only the prominent right edge,
whereas quadrupling the value of o discards all edges.

3.3 Conclusions

“Edges” can be defined in the context of the 2-jet of the image. A single sample
is generically “explained” by infinitely many mutually metameric images. If the
metameric set includes a step function then the sample is compatible with the
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Fig. 3.12 Algorithm I applied to the scan-line of the eye image show in Fig.3.11. In the top
figure the articulations (the graphs with filling to the axis) and locations (drawn lines for right
edges, dashed lines for left edges) have been plotted. In the lower figure the scan-line intensity and
the edges found by the algorithm (black for right, gray for left edges) are indicated. The heights
indicate the height of the jump

existence of an edge, otherwise it is not. If it is, then it makes sense to declare
that one has “detected an edge”. In that case one may show that the edge is uniquely
determined through two distinct intensity levels and the location of the transition
between these.

Notice the curious fact that this is an instance of

a theory of “edge detection” in which there does not feature any “edge detector”.

The existence of an edge is signalled by the 2-jet as an integral entity. The first order
differentiating kernel indeed looks much like a classical edge detector, but it is not.
A certain activity of this operator may or may not correlate with the detection of
an edge, that depends upon the activity of the other members of the 2-jet. It is not
possible to define “edges” and “edge detectors” as such, despite the conventional
praxis.

This theory has immediate consequences for brain science, where one glibly
talks of “feature detectors” (including “edge detectors”) as if this made sense [8].
It does not though, the implication being that the existence of a “feature’ cannot be
signalled by the activity of any single neural element. A cleaning of terminology
is in order with important consequences for the basic understanding of brain
functions.
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Chapter 4

Shape Modeling by Optimising Description
Length Using Gradients and Parameterisation
Invariance

Johan Karlsson, Anders Ericsson, and Kalle Astrom

Abstract In Statistical Shape Modeling, a dense correspondence between the
shapes in the training set must be established. Traditionally this has been done by
hand, a process that commonly requires a lot of work and is difficult, especially
in 3D. In recent years there has been a lot of work on automatic construction
of Shape Models. In recent papers (Davies et al., Medical Image Computing and
Computer-Assisted Intervention MICCAI’2001, pp. 57-65, 2001; Davies et al.,
IEEE Trans. Med. Imaging. 21(5):525-537 2002; Kotcheff and Taylor, Med. Image
Anal. 2:303-314 1998) Minimum Description Length, (MDL), is used to locate a
dense correspondence between shapes.

In this paper the gradient of the description length is derived. Using the gradient,
MDL is optimised using steepest descent. The optimisation is therefore faster and
experiments show that the resulting models are better.

To characterise shape properties that are invariant to similarity transformations,
it is first necessary to normalise with respect to the similarity transformations. This
is normally done using Procrustes analysis.

In this paper we propose to align shapes using the MDL criterion. The MDL
based algorithm is compared to Procrustes on a number of data sets. It is concluded
that there is improvement in generalisation when using MDL to align the shapes.

In this paper novel theory to prevent the commonly occurring problem of
clustering under correspondence optimisation is also presented. The problem is
solved by calculating the covariance matrix of the shapes using a scalar product that
is invariant to mutual reparameterisations. An algorithm for implementing the ideas
is proposed and compared to Thodberg’s state of the art algorithm for automatic
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shape modeling. The suggested algorithm is more stable and the resulting models
are of higher quality according to the generalisation measure and according to visual
inspection of the specificity.

4.1 Introduction

In recent years there has been a lot of work on automatic construction of Shape
Models. Several different algorithms have been proposed for this purpose. The
algorithms normally locate parameterisations of the shapes in the training set to
get correspondences between the shapes.

There have been many suggestions on how to automate the process of building
shape models or more precisely finding a dense correspondence for a set of shapes
[2,4,23,24,27,33,37,40]. Many approaches that correspond to human intuition
attempt to locate landmarks on curves using shape features [4, 24, 37], such as
high curvature. Local geometric properties, such as geodesics, have been tested
for surfaces [40]. Different ways of parameterising the training shape boundaries
have been proposed [2, 27]. The above cited are not clearly optimal in any
sense. Many have stated the correspondence problem as an optimisation problem
[3,6,13,15,18,19,22,23,29,34]. Specifically, just to mention a few, in [34] a measure
is proposed and dynamic programming is applied to find the reparameterisation
functions and in [3] shapes are matched using shape contexts.

In this paper we focus on the correspondence problem for shape models where
the shape is the boundary of some object, i.e. a curve or a surface. Thus the
correspondences should match, as one to one and onto functions, from one shape
to each of all the others in the training set and the correspondences can be described
by monotonous parameterisation functions.

There have been some recent interesting papers including code on the problem of
matching one point set to another, [7, 8,41]. However, these algorithms only match
one shape to another, instead of working with the training set as a whole. Also,
they do not enforce continuity and bijectivity. This means that the parameterisation
functions do not have to be monotone and not all points need to be matched.
Therefore these algorithms are not directly useful for shape modeling of curves and
surfaces.

Minimum Description Length, (MDL) [13], is a paradigm that has been used in
many different applications, often in connection with model optimisation. In recent
papers [11, 13,29] this paradigm is used to locate a dense correspondence between
shapes by optimising MDL using for example Nelder Mead Simplex.

Being able to calculate the gradient, a variety of more efficient optimisation
techniques can be considered. In this paper the gradient of the MDL with respect to
the parameterisation functions is derived and a new algorithm to optimise the MDL-
criteria using steepest descent is proposed and it is shown that it is more efficient
than the previously proposed Nelder—-Mead Simplex optimisation.

The common way to align shapes before building shape models is to do a
Procrustes analysis [14, 21]. It locates the unknown similarity transformations by
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minimising the sum of squared distances from the mean shape. Other methods exist.
In Statistical Shape Analysis [5, 14,28, 36] Bookstein and Kendall coordinates are
commonly used to filter out the effect of similarity transformations. In this paper we
propose to align shapes using MDL.

A problem when locating correspondences on shapes by optimizing over
parameterisations is that correspondences of landmarks do not necessarily imply
correspondence of the entire shapes. If many landmarks are placed in one point
or a small region (called landmark clustering), the cost function measuring the
correspondence may get a low value, but this value is based on a small part of the
shape.

For the MDL-approach, a problem can be that if many landmarks are placed in
one point or a small region (in this paper called landmark clustering) it is possible
to get a low MDL-value without actually having good correspondences. It has been
suggested that this can be prevented by using a “master example” [9], i.e. an example
that is not reparameterised during optimisation. The idea is that each curve will
be reparameterised to fit the “master example”. This strategy breaks down if there
are too many curves in the training set when optimising over all curves. In [38] a
penalty is suggested if the mean of a parameterisation change over the examples
in the training set is different from zero. A cost is introduced that penalises that
the parameterisation functions change in the same direction on all curves. This
means that the mean movement of corresponding landmarks should be zero during
optimisation. Using a “master example” or a parameterisation node cost are ad hoc
strategies that try to prevent clustering. The problem lies in that constraints on the
parameterisation functions are needed in the optimisation.

In this paper novel theory to prevent clustering during correspondence optimi-
sation is presented. This is done in a framework of developing a theory that is
intrinsically defined for curves, as opposed to a finite sample of points along the
curves. Instead of representing continuous curves using landmarks, the problem is
treated analytically and numerical approximations are introduced at the last stage.
The major problem here is to define shape variation in a way that is invariant to curve
parameterisations. The problem is solved by calculating the covariance matrix of
the shapes using a new scalar product that is invariant to global reparameterisations.
This scalar product approximates equal weighting of all parts of the curves. Contrary
to when using the standard scalar product it is no longer possible to neglect or give
more focus to any part of the curve, i.e. clustering is prevented.

4.2 Preliminaries

4.2.1 Shape Modeling

The standard shape model describes the variation of a set of point-sets as a mean
shape plus linear combinations of a set of basis vectors, represented as columns

of ¢:
x = . #(b) =X+ ¢b. “4.1
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To get ¢, let the i -th column vector of X be the configuration of landmarks (point-
coordinates) for shape x; when Procrustes analysis has been performed and the mean
shape,

RSy
X = —X;
D
i=1
has been subtracted. If principal component analysis is applied to X and the principal
components are put as columns in ¢, the shapes can be described with the linear
model in (4.1). A singular value decomposition of X gives us

X = USV’. 4.2)

Here V corresponds to ¢ in (4.1) and the diagonal of S”S gives the eigenvalues
{Axlk = 1...ns—1} corresponding to the variance in the training set along the axis
described by the corresponding principal component.

4.2.2 Parameterisation Optimisation

For an illustration of how the parameterisation optimisation works, we look at
shapes which are curves. The principles are the same for surfaces, but of course
become more complex. Assume that a family of n; geometric objects, represented
by continuous curves

ci(s),i =1,...,n,,5 €[0,1]

is given. Each curve is represented using some parameterisation,
¢i:[0,1] 35 — ¢;(s) € R

For simplicity, assume that the shapes are parameterised by arc length. We want
to model the shape of these curves. A linear representation of the model for the
continuous curves, as for the point distribution model in (4.1), would be desirable.
To model the shape it is necessary to solve the correspondence problem, i.e. to find
a set of reparameterisation functions {y;}*,, where y; : [0, 1] — [0, 1] are strictly
increasing bijective functions such that ¢;(y;(s)) corresponds to ¢;(y;(s)) for all pairs
(i, j) and all parameter values s € [0, 1], i.e. if ¢;(y;(s)) is at a certain anatomical
point on shape i then ¢;(y;(s)) should be at the same anatomical point on shape ;.
Correspondence between the curves ¢;(y;(s)) and ¢;(y;(s)) is denoted

¢i(yi(9)) :=: ¢(y;(5))-

The same formulation can be used for closed curves by changing the interval [0, 1]
to the circle S'.



4 Shape Modeling by Optimising Description Length 55

The traditional method to determine correspondence is to select a number of
landmarks on each curve. From these landmarks a model .# of shape is constructed.
A cost function, such as the minimum description length (MDL) [32], is calculated
from the shape variation model. Then the parameters of the basis functions
controlling the parameterisation functions are optimised using a suitable optimiser
to minimise this cost function. At each iteration in the optimisation procedure this
results in the landmarks moving along the shapes.

4.2.3 Treating the Curves Analytically

In earlier work on locating shape correspondences [10, 12, 38] the shape curves
have typically been sampled with 70-200 landmarks. During the optimisation
of the correspondences, new sampling points have often been located by linear
interpolation of the annotated landmarks.

Here we aim at treating the curves as continuous objects and attempting an
analytical approach to the problem. At each iteration the shapes are resampled with
a fixed number of sampling points defined by the current set of parameterisation
functions. The resampling of the shapes is done in order to perform the numerical
computations necessary to evaluate the cost function. This is done by introducing
the numerical approximations at the last stage possible.

First assume that the curves {¢;}/*, in the training set are continuous. Note that
they may have an analytic representation as for example the synthetic training set
with the parametric representation {¢;(t) = (a;cos(t),b;sin(t))};2,, but when
evaluating the curve at + € R it will still be approximated up to the numerical
precision of the computer. The numerical precision in MATLAB, for example, is
10~15. This is not a big issue. The problem here is that a continous curve (function)
is infinite dimensional.

The parameterisation functions used in this paper are built up by basis functions
pri(t) and parameterisation nodes n; in the following way:

k=n; ]=2*—D

vy=t+ > nupu).

k=1,=1

The basis functions py;(¢) in this work are tent-functions. Let g(¢) be the piecewise
linear function,
t,0<t<1/2

g(l):{l—t, 1/2<t<1"

The width of the basis function at level k is w = 1/2%~D and
0,0<t<w(l-1)

pei(t) =9 g(@—wl —=1)/w), wl —1) <t <wl
0, wl <tr<l
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Fig. 4.1 Construction of 1.0
parameterisation function y
using linear combination of
tent functions ()
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Fig. 4.2 In the two plots it can be seen how the sampling points, defined by the set .7, are
mapped by two parameterisation functions. The plots describe how landmarks can cluster during
optimisation of the parameterisation functions

In the rest of the paper a more simple expression for y; is used,

ny

yit) =1+ Y nipi(0).

=1

During optimisation {r;;} are constrained to ensure that {y;} are strictly monotone.
Note that, analogously to the curves, the parameterisation functions can also be
evaluated to the numerical precision of the computer.

Figure 4.1 illustrates the construction of the parameterisation functions and
Fig. 4.2 gives further illustration of how the parameterisation function works.

One way of determining ¢ from experimental data, where the curves {c;}2,
have been aligned for example according to the Procrustes condition (similarity
transformations), is to make a singular value decomposition of the covariance matrix

1 T
Cy = XX, 4.3)
ng —1
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where
X=[cjoy;—C,...,Cy 0 ¥p —C,
and
1 &
c(s) = — Z ¢ o yi(s).
s (=T
This is straightforward in the case of finite point configurations, but for continuous

curves it is more difficult since the ‘column vectors’ of X are infinite dimensional.
However (with slight abuse of notation), the matrix

1

ng—1

C= XX, (4.4)

where with infinite columns each element is really an integral, is finite dimensional
and has the same non zero singular values as Cy. Let X be finite dimensional for a
moment. Using singular value decomposition X can be written X = USV’ which
means that C = W%IVSZVT and Cy = ml_] US?U” . We thus get for C the principal
components ¢’ = V and for Cy the principal components ¢ = U. The basis ¢
can thus easily be calculated from the singular value decomposition of C in the

following way,

¢ =U=USVIVS~! = X¢'S7!. (4.5)

This can now be generalised to an infinite dimensional X since C will still be
finite. In order to do this (4.5) is interpreted in the following way. M = ¢/S™! is a
matrix determining what combinations of the functions X; (that with slight abuse
of notation are columns in X) make up the modes in ¢. ¢; = Zj M;;X;.

When optimising correspondences, the cost function must be evaluated in each
iteration of the optimisation procedure. For example for MDL, C must be evaluated,
where each element ¢;; is a scalar product of the curve (¢; o y; — ¢) with the curve

(cj oY — é)’

1
= [ @ —Eo) - @0 e @6

Cij =
7 n,

To evaluate (4.6) the shapes must be sampled in a finite number of sample points,

n,. Define the set ¥ = {s, : s, =n/(n, —1),n =0,...,n, — 1}. The sampling
of the curves ¢; can now be introduced at the last possible stage as,

¢i(yi(-)).

To summarise, the curves ¢; and parameterisation functions y; should have con-
tinous representation. The numerical approximations of (4.6) are done by sampling

¢i(yi().

at the points in . at the last stage possible.
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In practise, the curves ¢; are most commonly segmented from images. The
precision of such curves is typically around 1,000-2,000 landmarks, typically with
linear interpolation between them.

4.3 Minimum Description Length

4.3.1 Background

There are a number of different methods for selecting which model is to be
considered optimal. Well established are for example AIC (An Information
Criterion) and BIC (Bayes Information Criterion (BIC)) [20]. Another alternative is
Ljungs Final Prediction Error (FPE) [30]. In shape modeling, Minimum Description
Length (MDL), closely related to BIC, has proved to be a successful criterion,
and this paper focuses on MDL. Minimum Description Length (MDL) was first
introduced by Rissanen in [32]. Since then, this theory has been applied to many
modeling problems in many different fields. In [9—11, 13] Davies et al. applies MDL
to determine the correspondences for a set of contours. The description length is a
concept derived from information theory and is, in simple words, the effort that
is needed to send the training set using the model bit by bit. The basic idea is to
minimise the length of the message (the description length) required to transmit a
full description of the training set.

The MDL - principle searches iteratively for the set of parameterisation functions
y; that gives the cheapest message to transmit. The cost function makes a trade-off
between a model that is general (can represent any instance of the object), specific
(it can only represent valid instances of the object) and compact (it can represent the
variation with as few parameters as possible). Davies and Cootes relate these ideas
to the principle of Occam’s razor: the simplest explanation generalises the best. The
derivation of the description length presented here is along the lines of that in [9].

4.3.2 Deriving the Description Length

4.3.2.1 Setup
Given a training set of ny shapes, each represented by n, landmarks in ny

dimensions, the shape column vectors of X are x;(i = 1,...,ny). Using the linear
model from (4.1) we get

X~ M (b) =X+ pb; =X+ Y ¢;b]. 4.7
=1
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where ¢; are the eigenvectors of the covariance matrix for the shapes and n,, is the
number of shape modes.

We want to derive an expression for a cost function, deserving the name
“description length”. To this end, assume that the description length of the mean
shape x and of the eigenvectors ¢; are independent of the parameterisation, for
a given training set. Thus only the description length of the training shapes, as
represented by the coordinates b of the training shapes in shape space, need to
be considered.

Dimensionality

Let the coordinates of the original shapes x; in shape space, which is spanned by

bi..... ¢, be
bl ==X, (i =1.....n5, j =1.....00).

Since the eigenvectors are orthonormal, the total description length . of the set
{b!}, can be calculated as a sum

Ny,

=32 “8)
=1

where .Z; is the expression of the description length of the 1D-dataset % =
{bl,....b;}.

Calculating the Description Length

Assume that the data can be described using a set of one-parameter Gaussian
models. If the shapes in the training set are aligned using Procrustes, this is a
reasonable assumption. Using Shannon’s codeword length [35], given a probability
density &2, the description length of a given value, &, encoded using a probabilistic
model, is

—log (2(&)). 4.9)

In order to calculate the description length in bits the logarithms should be
calculated in base 2. We are using the natural logarithm, which gives the description
length in nats.

Quantisation

It requires an infinite amount of information to describe a real number to arbitrary
accuracy. To measure the description length of a real number, the accuracy must
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be limited and quantified. To describe the real number y to an accuracy 4, it is
represented as an integer 7, that solves

min |y — én|.
min |y I

The approximation is then y = §n.
The constant value § should be related to the expected noise of the training shapes
(typically one pixel/voxel in the original images from which they were annotated.)

Data Range

The range of the samples

T
1 ngn
x,-:[x1 I O i S p] ,

R A A e (e

where the mean shape has already been subtracted, is defined so that all points, (in
R"4"r), are bounded according to

—-r<x! <r, i=1,...,n5, j =1,....npn4.
If these bounds are transformed into shape space, the range of the data, R, in shape

space is obtained in the Euclidean metric as: R> = r2 +r> + ... + 1% = npndrz.
This implies that |x;| < R = r/n g, which in turn gives

1b/] < Ixillg;| <R forall i =1.....n, j =1.....00

since |¢; | = 1.

4.3.2.2 The Description Length of a 1D-Dataset

To decode the encoded message the receiver must know the encoding model. It is
therefore necessary to measure the description length of both the encoding model
and the data. Using a two-part coding scheme, see [9], the description length is
decomposed to

Z = o%amm + Liata- (4.10)

In the following, an expression for the description length of a data-set % =
{P1,..., Y}, where ¥; is Gaussianly distributed, is derived. Knowing the descrip-
tion length of a Gaussianly distributed 1-D set ¢/, the description length (4.8) of a
shape model can easily be resolved.
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Coding the Parameters

The description length of all parameters needed to describe the encoding model
must be derived. Here the one-parameter Gaussian model is used. The frequency
function of the Gaussian model is

x2

202

1
f(x;0) = Ee(

Thus it is only the o-parameter that is needed to encode and decode the message
and the only parameter that needs to be transmitted. An estimation s of o from the
quantified values of % = {J;,..., P, } is,

). @11

Quantifying s to an accuracy of § gives
s =né,n € N.
The range of § is [0, $;4.]. Without prior knowledge, §, is assumed to have the same

range as the data, §,,,, = R. If s is assumed to be uniformly distributed in this
range, the description length becomes

. R
L= —log Z(5) = log(g)-
How § can be chosen is discussed later. To be able to decode the message, the
accuracy § must be known to the receiver. First consider working with bits and the
2-logarithm. If § is of the form § = 2, the description length can be calculated from

%=1+ |logy(8)].

In order to work with the natural logarithm now instead let § be of the form § = e*
so that the description length can be calculated from

Zs =1+ |log(d)].

This yields the following total description length of the s-parameter

R
%amm = ﬁ + % = IOg(E) +1+ |10g(8)|
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Coding the Data

In (4.11) the frequency function of the Gaussian distribution is given. The probabil-
ity, Z(9), of x to lie in the range y + A /2 is

y+A

2
P(9:5) =/ f(x:8)dx. (4.12)
-5
This integral is approximated to the first order by
A $2
P(P;8) ~ ——e(—=5). 4.13
(3:9) ~ =e(=35) )

If, § > 2 A, the approximation has a mean fractional error of less than 1 4 0.8%
according to Davies et al. [9]. Set therefore s.,, = 2A. If § falls below s., the
approximation in (4.13) does not hold. However, since we always overestimates the
description length if we set § = s, this can be used in this case. The case where
all data, ¢/, has the same quantified value (% < A) must also be addressed. This
gives us the following three different coding schemes:

1. If § > 5., explicitly code the data.
2. If § < S.u, €stimate § with s.,,.
3. If § < 59, which means that the range of %" < A, the description length is zero.

Case 1

Using (4.9) and (4.13) the code length of the data for one shape mode over all
shapes is

Liaa = = 3 log(P () =
i=1

35 -

i=1

ng 2 1
—nylog A + D) log(2ms%) + ¥

ngs
2§27

“nylog A + % log(2752) + (4.14)

Case 2

Estimating § by s, and putting it into (4.14) gives
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ng
gdata = _Zlog(ﬁ@(ﬁl)) =
i=1
ng 5 ngs?
—nglog A + 5 log(2ms;,, ) + 25 (4.15)

Case 3

When the range of % < A (§ < s¢), the mean needs to be sent. But since the mean
is zero it costs nothing to transmit

fdata = 0.

An expression for the description of a 1D-dataset has now been derived. Since
the total description length of a shape model can be written as a sum of description
lengths of 1D-datasets, we are almost done.

Simulations

Running simulations with synthetic data, it is possible to estimate %, for a given
s at arbitrary precision. This is done by numerically solving (4.12) for a huge
simulated dataset (y; € N(0,s)). In the top of Fig.4.3 the simulated description
length is compared to the DL calculated according to the analytical formulas (case
1—case 3) derived above for the description length of a dataset, where the elements
are Gaussianly distributed. For this experiment A = 0.01. It can be seen in the figure
that setting s.,, = 2A = 0.02 and letting sy be the limit where % < A (around
0.001) as proposed by Davies in [9] does not correspond well to the simulation when
s is small (for case 2 and case 3). If sy and s, are changed to s.,, = 2/5A = 0.004
and 5o = 1/5A = 0.002 the correspondence is much better. See bottom of Fig. 4.3
where the absolute difference between the numerically calculated description length
and the two estimates are plotted.

Calculating the Optimal §

The description length .Z for sending Gaussianly distributed data with quantified
standard deviation § > s, is

L = Z)amm + Liaa =
ngs?
252

R n o
log(g) + 1+ |log(8)| — nslog A + ES log(275%) +
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Simulated DL and estimations
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Fig. 4.3 The top plot shows simulated description length of Gaussianly distributed data together
with Davies and a modified estimate. The bottom plot shows the error between the simulated and
the two estimates of description length
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where § is a function of s and §. The optimal value of the accuracy § can be found
by differentiating .Z with respect to 6 and setting it equal to zero. This gives

Ux

S
80pt=; ( )

ng —2

if§ <1, or
s
5 = —
opt 0
if § > 1.

The optimal § can now be found by picking 7 to get the best local optimum.
In [9] .Z is approximated by

ng8?
1252

2 = K —log(8) + |log(8)| — = log(2s?) + = +

Using this approximation gives the following optimal delta

[12
8, = min(1l, s,/ —).
ng

Figure 4.4 shows how . depends on 8. It can be seen that §,,, and §, differs
significantly. The discontinuous behavior of the DL is caused by the quantification.
One effect of plugging in the optimal § is that even though %, is still
continuous as a function of s, the derivative of %, Wwill not be continuous

129
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Fig. 4.4 The description length of Gaussianly distributed dataset and Davies approximation as a
function of §
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anymore. Since this is a very important property and since the assumptions about
the distribution of s is rough, we suggest that § is chosen as a constant.

4.3.2.3 The Total Description Length

The total description length for the training set is given by (4.8), where . is the
description length (for a 1D-dataset and one s-parameter) for the j-th component in
shape space.

If A is sufficiently small, the quantified values approach the original values

$ — yand §* — s

Using this fact gives the following expression for the total description length
in the i-th direction. Here the description length of the parameter is added to the
description length of the data as in (4.10). The index (1) and (2) refers to case 1 and
case 2 respectively. We get

R
Ly = 10g(§) + 1+ [log(8)| — nylog(A) +
= log(2m) + 1, log (5)) + 5.
R
L) = 10g(g) + 1+ |log(8)| — nylog(A) +

s log(27) + nglog (Seur) + n—s(s—l)z (4.16)
2 2 " Secur

Notice here, that the first five terms in the description lengths for both cases 1 and
2 are identical and considered constant. They only depend on parameters that are
specific for a particular training set, but that do not depend on the parameterisation
functions.

Substituting (4.16) into (4.8) gives

Lioa = Fns. R84+ ) (” log(s;) + %> +

Si >Scut

b (ns log(seu) + %(s—f)z) : (4.17)

AYS
5 <Scut 57250 cut

where s; > 5., indicates case 1 and s; < 5., §; > 5o case 2. F(ns,R,8,A)isa
function that only depends on n;, R, § and A. It is constant for a given training set.
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4.3.3 Simplifications of the Cost Function

Separately taking care of case 3 (s; < s¢) does not change much of the value of the
cost function in practice. The cost function can therefore be simplified to

Lo = F1,, RS, 8) + Y (nslog(si) + =) +

Si >Scut

Z (ns log(Scur) + n_zs(%)z) .

Sj <Scur

Subtracting ny(ns — 1) log(sq, ) from the cost function and factoring out n,/2
we get,

cs/ﬂww] = F(”S» R, S’A) +

% 3 (1og(i)2+1)+ 32y (4.18)

Scut Scut
Si >Seut Sj =Scut

For a given training set, F (ng, R, A) is constant. The eigenvalue A; of the covariance
matrix (4.3), which decides the shape modes of the linear model in (4.1), is equal
to s7. Substituting s7 = A;, s7,, = A, focusing on the terms that can change under
optimisation and omitting the amplitude n,/2 we get the following expression for

optimisation:
Ai Aj
= log(=-) + 1 . 4.1
< AEA (og(kc)+ )+A§l P (4.19)
i>Ac j=Ac

If s; > so, it is only the amplitude n,/2 and the constant F that differ (4.19) from
(4.17). During optimisation the constant function F and the amplitude n/2 can be
ignored. Equation (4.19) was first stated in [38] but without motivating derivation.
The advantages of this cost-function are that it is simpler, more intuitive than those
formerly presented and that the derivatives are continuous.

4.4 Using the Gradient

4.4.1 Background

Lately there has been much attention to MDL and its effectiveness for locating
correspondences in automatic shape modeling. A successful algorithm, but a
problem with this method is that the objective function is not stated explicitly.
Another problem is the slow convergence of the optimisation step. Besides that,
the optimisation process can easily get stuck at local minima. Due to these reasons
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it can be hard to optimise. The cost function only depends on the eigenvalues A;
of the covariance matrix (4.3), except for constants. The eigenvalues of a matrix
are implicitly defined given the matrix. In previous work the Nelder-Mead Simplex
method has been used to solve the optimisation problem. In general this optimisation
technique is slow. In this section the theory presented in [31] is applied and
the gradient of the description length (4.19) with respect to the parameterisation
functions is derived along the lines in our previous work [19]. Being able to calculate
the gradient, a variety of optimisation techniques can be considered. In this section
a new algorithm to optimise the MDL-criteria using steepest descent is proposed
and it is shown that it is more efficient than the previously proposed Nelder—-Mead
Simplex optimisation.

4.4.2 Computing the Derivatives of the Singular Values

In [31], theory for computing the Jacobian of the singular values decomposition
is presented. A recapitulation is given here. For a more thorough description we
recommend Andrew’s work, in particular [1].

Equation (4.2) shows how a matrix A always can be factorised using Singular
Value Decomposition (SVD). Here we are interested in computing the derivatives
of the singular values, e for every element a;; of the M x N matrix A. Taking the

a;i’

derivative of (4.2) with respect to a;; gives

0A U oS v’
— =_—SV yU—Vv' +US (4.20)
8a,;,~ Baij 8a,;,~ 8al;/
Since U is an orthogonal matrix, we have
ou” ou - -
UU=1= " U+U' = =0 +0} =0, 4.21)
aa,‘j 8a,»j
where a)g is given by
ol —ur U (4.22)
U = day” .

From (4.21) it is clear that a)g is an anti-symmetric matrix. Similarly, an anti-
symmetric matrix a){{ can be defined for V as

VT
J=—YV. 423
wy 9a; (4.23)

By multiplying (4.20) by U” and V from left and right, respectively, and using (4.22)
and (4.23), one obtains
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0A a8
U’ 8_V = wUijS + T + SwVij. (4.24)

ajj ajj

Since a){f and w{{ are anti-symmetric matrices, all their diagonal elements are
zero. Recalling that S is a diagonal matrix, it follows that the diagonal elements
of a){f S and Sa)if are zero too. Thus, (4.24) yields the derivatives of the singular
values as

0
2 = UikVjk, (4.25)
daj

since a“"l = 0 forall (k,I) # (i, j), while aa” =

4.4.3 The Gradient of the Description Length

In the proposed implementation each parameterisation function y; (j = 1,...,ny)
has n, parameterisation nodes. Parameterisation node / on curve j is denoted nj;.
How the parameterisation nodes affect the sampling of the curves is described in
Sect. 1. We want to minimise .Z by using more sophisticated optimisation methods
that use the gradient, i.e. the derivatives 3;—'?; The parameters A in (4.19) depend on
the nodes 7. Differentiation gives '

0L 5 o 1 aA 426)

= — — 4 _
on; Ak On; A On;
jl > k jl Ae<he ¢ jl

Now, if x;; is the i-th landmark on shape j and ” 1s the derivative of the i-th
landmark on shape j with respect to control node 7;; then

8Ak 3Sk 8sk ask 8x,-j
L = kK — 9y =2 —
onj onj o, onj Sk Z 0x;; dnjy

Using the results from (4.25) that - ﬂ = u;xVjx, one obtains

OAx

al’l Z 3 ( )
=2 Uik Vv, = 285V U . 4.27
y k k _]k kVik Uy

Before sampling, a continuous version of X is

X;(1) = x;(y(1)) = X(y (1)),
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where '
X=-- D X))
and

Y= %ZV;‘U)

which means that differentiation of X () with respect to n;; becomes

OXj(1) _ () IXp@) _

8nﬂ 811_/'[ Bnﬂ
L) _0y(@) o =
: - =xpj—Xpi. 4.28
J 811_,'1 x an_jl ijjl x P ( )
_ 1
pr=—2 i), (4.29)
o

. . . axjj . . . .
In the experimental validation the elements %’l of xjf is estimated using difference
!
approximation.

4.4.4 Algorithm for Minimising the Description Length

If the gradient of the cost function is known for a specific optimisation problem,
it generally pays off to use more sophisticated optimisation techniques than the
Nelder—-Mead Simplex method. Here steepest descent is proposed. An overview
of the proposed algorithm is presented in the boxed Algorithm 1 and each step is
explained in more detail below.

Algorithm 1 Algorithm for minimising the description length

Input: The training set, which correspondences are to be optimised ¢;, i = 1,..., ny
Output: The optimised correspondences x; = ¢;(y;), i =1,..., n;

1. INITIALISATION
Initially the reparameterisation functions are set to arc-length parameterisation.
2. Repeat lines 3—6 until convergence according to some stop criterium
3. RESAMPLE SHAPES
The curves are resampled according to the current parameterisation nodes
4. RESCALE AND ALIGN SHAPES
The curves are aligned.
5. CALCULATE DL AND THE GRADIENT OF DL
Calculate the gradient of the DL with respect to the parameterisation nodes 7;;.
6. UPDATE PARAMETERISATIONS
Search for a local minima in the gradient direction.
7. end of repeat loop
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1. Initialisation
Initially the number of nodes, the number of landmarks and a few optimisation

parameters are set to appropriate values. The reparameterisation functions are set to
arc-length and each curve is initialised to arc-length parameterisation.

2. Start loop
3. Resample shapes

The curves are resampled as explained in Sect. 1.

4. Rescale and align Shapes

After all the curves have been resampled they must be aligned and rescaled
according to for example the Procrustes alignment. When Procrustes is applied
all landmarks are equally weighted. Therefore the Procrustes method perform best

if the landmarks are approximately equally distributed around the shapes. This is
important to bear in mind.

5. Calculate DL and the gradient of DL

In this step the gradient according to (4.27) is calculated for all parameterisation
nodes.

6. Update parameterisations
A search for a local minimum is performed in the gradient direction. When the

position of the nearest local minima in the gradient direction has been estimated, all
parameterisation nodes are updated at the same time.

7. Check convergence

Once the parameterisation nodes have been updated the algorithm checks for
convergence and if not cenverged starts over at 3.

4.5 Alignment Using MDL

4.5.1 Introduction

To characterise shape properties that are invariant to similarity transformations,
it is first necessary to normalise with respect to the similarity transformations
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from the annotated configurations. This is normally done using Procrustes anal-
ysis, that is minimising the sum of squared distances between the corresponding
landmarks under similarity transformations. One problem with this approach is
that the algorithm then tries to optimise two different goal functions at the same
time. In the alignment step the sum of squared distances is minimised and then in
the parameterisation evaluation step the description length is optimised. This may
cause problems for the optimiser. It makes more sense to do the alignment using the
same goal function that is being used for the parameterisation evaluation step, so
that the goal function is optimised with respect to parameterisation and alignment.

In this section we propose to align shapes using the Minimum Description Length
(MDL) criterion (4.19). This is built on our previous paper [16]. We have seen in
the previous section how MDL can be used to locate correspondences. The theory
presented in [31] was recapitulated and the gradient of the description length [19]
with respect to the parameterisation nodes was derived. In this section the theory
is applied in order to align shapes using the Minimum Description Length (MDL)
criterion. The experiments are done for 2D-shapes, but in principle it would work for
any dimension. Here it is shown among other things that the Procrustes alignment
with respect to rotation is not optimal with respect to description length.

4.5.2 Optimisation

When the gradient of an objective function is known for a specific optimisation
problem, it generally pays off to use more sophisticated optimisation techniques
that use the gradient. The Description Length is here minimised using Gauss—
Newton. In order to do this the derivative of the description length with respect
to rotation is derived. This derivation is analogous to the derivation of the gradient
of the description length with respect to the parameterisation nodes. Initially the
configurations are translated to the origin. Then the shapes are normalised so that
the Euclidian norm is one for all shapes. The translation of all the shapes to the
origin turns out to be optimal also for the DL alignment. It could be interesting to
also optimise scale but the global scale must then be preserved. This means that
it would be necessary to optimise under constraints. In this work only rotation is
optimised using Gauss—Newton.

4.5.3 The Gradient of the DL

Assume that the shapes are in 2D.

Let ng shapes Xy, ...,X,, in complex coordinates be centred at the origin and
with the scale normalised so that the Euclidian norm is one. In complex coordinates
a shape x; is rotated as x;e’ % . Differentiating (4.19) with respect to 0;, we get
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8DL 1 9A 191
Z 2k k (4.30)

R R

Let’s derive Wak and thereby the gradient. Let the j-th column of X be the

configuration of landmarks for shape j after rotation according to 6;,
X = [X]eie’, e, X,,Seig"x ] .
Let Y be the matrix holding the deviations from the mean shape,
Y=X-X,
where each column in X is the mean shape X ,
X = n—s jZ:l X;e

If we now apply a principal component analysis to, we can describe our shapes
with the linear model in (4.1). A singular value decomposition of Y givesus Y =
USV”. Here V corresponds to ¢ in (4.1) and the diagonal matrix S”'S holds the
eigenvalues Ay.

Now, if y; is the i-th landmark on shape j and - “” ” is the derivative of the i-th
landmark on shape j with respect to the rotation 6; then

g ds} sk
—_— = —_— = 2sk— =
36, 06, 26,
sk aypq aypq
2 — =2 _—. 4.31
Sk 2 33,y 96 Sk%”pkvqk %6, (4.3D)

Here it is used that % = UpkVgr, Where u,; and vy are elements in U and V, see
Sect. 4.4.2. Moreover,

A _ an(P)eiO" 1 Z ax,(p)e'”

89j B 89J ng 891

§i(1 —ox(p)e? g = 432)

—iax(p)e'  q#j

ixi(pe'i q=j
0 qF#]

_dxy(p)eits {
Since _— =

36;
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If ny is reasonably large (this is assumed in our implementation), the second term
can be ignored so that we get

Wpg  Vixi(p)e' q =

06; 0 q#j

Then % can be written as
g
aAk . T
— = 25 v U X, (4.33)
00;
where Uy is the k-th column in U and X is the j-th column in X. Note that the
result is very similar to the final equation (4.27) in the previous section.

4.6 Parameterisation Invariance

A problem when locating correspondences on shapes by optimizing over para-
meterisations is that correspondences of landmarks do not necessarily imply corres-
pondence of the entire shapes. If many landmarks are placed in one point or a small
region (called landmark clustering), the cost function measuring the correspondence
may get a low value, but this value is based on a small part of the shape. This
problem arises in many situations where shapes need to be reparameterised.

One problem with the MDL approach is that if many of the sampled points are
concentrated to a particular region on all curves, a very low description length
is achieved. This can be partially prevented by using a “master example”, i.e. an
example that is not reparameterised during optimisation. The idea is that each curve
will reparameterise to fit to the “master example”. This strategy breaks down if
there are too many curves in the training set. A node cost can also be applied
as suggested in [38]. The node cost penalises that corresponding nodes move in
the same direction on all curves during the optimisation. The mean movement of
corresponding nodes should be zero during optimisation. In this section a scalar
product that is invariant to global reparameterisation is introduced. This is based on
our previous paper [26].

In this section it is shown that the infimum of the description length (DL) in
the standard formulation is always zero. The global minimum for the standard
formulation is determined by reparameterising all the shapes so that all landmarks
are positioned in approximately the same point. This means that the global minimum
corresponds to the worst possible solution for landmark correspondence. Using the
new scalar product when calculating the covariance matrix makes the optimisation
well defined in the sense that the infimum of the DL does not correspond to
moving all the landmarks to approximately the same point. With this formulation
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the tendency for clustering of landmarks (placing all landmarks at one point or in a
small region) is significantly reduced.

The following deals with 2D-curves. Similar principles could be applied to 3D-
surfaces.

4.6.1 Difficulties with Parameterisation Dependent Methods

There are several potential problems with optimising the correspondences of
continous curves as explained in Sect.4.2.2. One problem is that it is not certain
that the minimisation problem is well defined. It might very well be the case that the
infimum is not attained at any point, or that the global minimum does not correspond
to a meaningful solution. In such cases, one might hope that there are local minima
that are meaningful, but it is not even certain that there are any such local minima.

The standard shape model describes the variation of a set of points as linear
combinations of a set of basis vectors

X=X+ ¢b.

The goal here is to derive a shape theory that is intrinsically defined for curves and
is independent of parameterisations. It is reasonable to aim at a linear model, i.e.

nm

e(s) =) + ) bughu(s) = &s) + $(s)b, s € [0, 1].
k=1

¢ consists of the principal components of the formally infinite dimensional covari-
ance matrix of the shapes in the training set.

As seen above, a possible criterion for solving the correspondence problem
(ci(yi(s)) :=: ¢j(y;(s)) for all i,j) is the description length of the shape model.
The reparameterisation functions {y;};, are located by minimizing the description
length.

The description length of a shape model .# is

DL(#) = Z(1+10g—)+ Z —+1<

Ai=Ae Ai<Ae

where the scalars A; are the eigenvalues of the covariance matrix C of the shapes
in the training set, the scalar A, is a cutoff constant and K is a scalar, which
is independent of the parameterisations. The constant K can be ignored during
optimisation and the following cost function is used,

F(C)= ) (1+log —) + Z (4.34)

Ai=Ae Ai<Ac
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where C is the covariance matrix defined above and the elements of C are scalar
products between the shapes in the training set, as in (4.6).

The scalar product depends on the reparameterisation functions y; and y;. How
a parameterisation function can distribute the weights on different parts of a curve
is illustrated in Fig.4.2. In this figure it can be seen how two parameterisation
functions put more weight on the middle part of the curve. Using the standard scalar
product in this case, it is possible that |y; (f,) — 0.5] < ¢ for all sample points 7,.
This means that ¢;(s), s € (0,0.5—¢€) U (0.5 + €, 1) is not taken into account in the
calculation of the scalar product.

Even if the entire shape is considered to some extent, the result is not independent
of curve parameterisations. By changing all parameterisations y; with a mutual
parameterisation y, so that y; = y; o y, one effectively puts different weights
at different parts of the curves without changing the correspondences. The same
problem occurs when a discrete set of landmarks is used as in [10, 12]. The
most weight is put on that part of the curve which has the most landmarks.
The problem with this is that the optimisation scheme to locate correspondences
becomes ill-posed as illustrated by the following theorem.

Theorem 4.1. For F(C) defined by (4.34),

inf F(C) = 0.

Yis--s¥Vng

The infimum is attained when the reparameterisation functions approach a measure
with all mass at one point.

Proof. Assume that a training set of continuous curves ¢;(¢),i = 1,...,n,,t €
[0, 1], is given and that the reparameterisation functions y;,i = 1,...,n, put the
shapes in correspondence,

ci(yi(s)) :=: ¢i(y;(s)).

Now, construct a reparameterisation function y such that

=1, 0<t<l-e¢
o) =437, :
e+ —(t—(1-¢), l-e=<t=1

This function is illustrated in Fig. 4.5. The correspondence of the shapes is retained
if all curves are reparameterised with the parameterisation function y. If now
€ — 0 all weight will be situated at the start of the curves so that effectively all
curves approach points. Performing Procrustes on these shapes will result in that
in the limit ¢ — 0 all shapes coincide with the mean shape. This means that the
covariance matrix C will be the zero matrix. Hence all eigenvalues of C are zero
and F(C) = 0.

O
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Fig. 4.5 Mutual reparameterisation function. Here € = 0.1

This minimum can easily be found. Assume that the curves are in corre-
spondence. The optimiser can now attempt to concentrate points on parts of the
curve, while keeping correspondence, by performing mutual reparameterisations,
i.e reparameterising all curves by the same parameterisation function. This shows
that the minimisation criterion is not well defined. A good global optimiser would
find the global minimum. Even if the global minimum is not found it is still possible
to reduce F(C) by concentrating the landmarks on parts of the curves with low
variance. This means that it is possible to reduce the DL in two ways, both by
finding correspondences and by performing a mutual reparameterisation. By mutual
reparameterisation is meant a reparameterisation function that is applied to all
curves in the training set. Such a mutual reparameterisation function can put most of
the weight at one point or a small section of the curve. Therefore previous algorithms
for automatic landmark placement on curves tend to gather points together.

In order to avoid this several authors have presented preliminary solutions such
as keeping the parameterisation of the first curve unchanged or penalising “bad”
reparameterisations. Even such methods have difficulties. For example, if one keeps
the parameterisation of the first curve unchanged it is still possible to reparameterise
the other n — 1 curves so as to put more weight to a particular part of the curves.
If many curves ignore the mismatch with the unchanged shape, their clustering can
lead to a lower description length.

4.6.2 A Parameterisation Invariant Method

To improve the algorithm discussed above, a new scalar product, which is invariant
under mutual reparameterisations is proposed. This removes the undesired way to
reduce the DL.



78 J. Karlsson et al.

4.6.2.1 Defining the New Scalar Product

Definition 4.1. Let {c;};2, be curves centered at the origin and let them be parame-
"+ and let them have their mean curve ¢(s) = 1/ng Y 2, ¢;(yi(s))

terised with {y;};~
subtracted. A new scalar product between ¢; and ¢; is defined by

1 (! _ _
¢ ¢ = . /0 i (yi oy 1(s)) ¢ (yj oV 1(s)) ds. (4.35)
S k=1

Intuitively, what happens is that if the parameterisation functions y; put more
weight into one part of the shapes, the composition of y; with the inverse parameter-
isation functions y,~ ! neutralises this so that the curves are sampled more equally.
This is illustrated in Fig. 4.6.

This also means that it is not possible to neglect any part of the curves, since it
can be seen that there is always one term that gives arc-length parameterisation for
¢; and one term that gives arc-length parameterisation for ;.

4.6.2.2 Proving Invariance

Theorem 4.2. The scalar product (4.35) in Definition 4.1 is invariant under mutual
reparameterisations.

Proof. Let {y;};., be a set of parameterisation functions such that ¢; o y; :==: ¢; 0},
(i =1...n5,j = 1...n4).Lety be an arbitrary reparameterisation function and
let yi(s) = y; o ¥ and yi(s) = yj o y. Then ¢;(yi(s)) :=: ¢;j(¥;(s)) still holds. From
the definition of the proposed scalar product we get,

1 1
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Fig. 4.6 In the two plots it can be seen how the sampling points, defined by the set ., are mapped
from the y-axis to the x-axis by two inverse parameterisation functions
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ci(yi(s)) - ¢i(yi(s)) =

1 ng 1 . o . o
n—Z/O ¢ (Fio ') ¢ (piov (5))ds =
5 k=1

[since p;(s) = y; o y and p;(s) = yjo ]

1 &

1
:—Z/O ci(vioyoy oy '(s):

k=1
¢(yioyoy oy '(s)ds =

1

[using that y o Yy~ is the identity function]

1 < !
ZH_Z/O ¢ (viov ') e (voy ' (9)ds =
S k=1

ci(yi(s)) - ¢(¥;()).

4.6.2.3 Discussion

The scalar product would actually be invariant to mutual parameterisations using
only one term in the sum in (4.35) in Definition 4.1.

Two terms may also seem like a natural choice and using two terms it is natural
to choose the terms that parameterise ¢; and ¢; to arc-length respectively.

G =5 i ¢i (vioy ' (5)) ¢i(s) + ci(s)e; (o v ' () ds. (4.36)

However, even though totally mutual reparameterisations are neutralised in
(4.36), or even by using only one term, it is still possible to find parameterisations
that decrease the DL by gathering landmarks together in different ways on different
curves.

For example, this can be done if the curves are grouped so that landmarks are
clustered in different ways in the different groups. The scalar product (4.36) cancels
out the effect for the case where ¢; and ¢; belong to the same group. For ¢; and ¢;
belonging to different groups the effect is not cancelled out.

Theoretically clustering at some level is still possible even when all the terms
are used as in (4.35), but using all the terms makes it hard for the optimisation
algorithm to locate such parameterisations and also, since the scalar product is a
mean over all parameterisation functions, the effect would be small. Therefore it is
better to use (4.35).
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However, if time is an issue, using only one or two terms may be desirable.

To calculate the scalar product numerically it is of course necessary to sample
the curves. These sample points are just a step in the evaluation and should not be
confused with landmarks in the traditional sense. How this is done is explained in
Sect.4.2.3. Fromthe set . = {s,, : 5, =n/(n, —1),n =0,...,n, — 1}, which is
the set that define the sample points, the set .7; = ;! (.%) is retrieved. This is shown
schematically in Fig. 4.2. .7; and .7 decide what points that are used in the numerical
calculation of the scalar product in (4.36). Since all the sets .7;(i = 1,...,ny) are
used in (4.35), corresponding points across the entire training set are in this case
used to calculate the different ¢;;. This is another advantage of (4.35).

4.7 Experimental Validation

4.7.1 Experimental Validation of Using the Gradient

In this section, the proposed algorithm for correspondence optimisation using the
gradient, described in Sect. 4.4, is validated on five data sets, illustrated in Fig.4.7.

Thodberg’s implementation of MDL [38] has been used for the comparison.
MATLAB source code and test data are available from hht@imm.dtu.dk.

Seven parameterisation nodes have been used for the reparameterisations in all
experiments. To evaluate the description length for the current parameterisation
functions each curve is sampled with 64 landmarks. The parameter initialisations
for the Nelder-Mead and the steepest descent algorithm were set to identical values.

The convergence speed of the proposed algorithm and the technique proposed in
[38] using Nelder-Mead optimisation are compared on the five data sets, see Fig. 4.8
where the convergence rate (in seconds) of the description length using the two
methods is plotted. It can be seen that the use of the steepest descent algorithm
increases the convergence rate considerably. A result of applying steepest descent
is that the cost function decreases in each iteration. The algorithm converges in
roughly 50-100 iterations to a local minimum.

Fig. 4.7 The mean (solid line) and the first mode of variation (dashed line) of the optimised
models (by the steepest descent algorithm) is plotted for the five datasets
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Fig. 4.8 The convergence rate (in seconds) of the description length for the five models using
steepest descent (dashed) and Nelder—Mead Simplex (solid)

The appearance of several local minima may cause problem during optimisation.
The algorithm locates a local minimum, which is close to the initialisation parame-
terisation, but there is no guarantee for this being a global minimum. Due to these
facts it is necessary to compare the quality of the model achieved using the proposed
steepest descent optimisation and the model achieved using Nelder—-Mead Simplex
optimisation. The quality of the models is measured as the mean square error in
leave-one-out reconstructions. By leave-one-out means that a model is built with all
but one sample. The model is then fitted to this unseen sample and the mean square
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Fig. 4.9 The mean square approximation error of the five models after steepest descent (dashed)
and Nelder—Mead (solid) optimisation is plotted against number of modes used. This measures the
models ability to generalise

error is measured. The result is shown in Fig. 4.9. The plot shows the mean square
approximation error against the number of modes used. This measures the ability of
the model to represent unseen shape samples or, in other words, the models ability
to generalise.

In Fig.4.9 we can see that when using steepest descent, models that gener-
alise better are achieved for all examples compared to when using Nelder—Mead
Simplex.
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Fig. 4.10 The description length cost function. In the upper figure the range on each axis is —2x
to 2. The lower figure zooms in on the origin showing that the minimum of the 3D surface is not
at the origin

4.7.2 Experimental Validation of Alignment Using MDL

The MDL based algorithm is compared to Procrustes on seven data sets.

The experiments were conducted in the following way. Given a dataset, the centre
of gravity was moved to the origin for all shapes and scale was normalised to one
according to the Euclidian norm. The rotation of the shapes was initialised according
to the Procrustes condition. The rotation was then optimised using Gauss-Newton,
minimising the Description Length.

In Fig.4.10 the typical behavior of the cost function can be seen. Here, for
visualisation, two rotations (x and y axis) have been optimised to align three shapes.
In the top figure it can be seen that the minimum is a well defined global minimum
(it seems to be several minima, but this is due to that the range goes from —27 to
27 in x and y). The bottom figure zooms in on the origin (the origin corresponds
to the Procrustes solution). It can be seen that the minimum is not at the origin and
thus the Procrustes solution does not coincide with the description length solution.
When more shapes are aligned, projections of the cost function to lower dimensions
look similar to these plots.

We validate the algorithm on seven real data sets, see Fig.4.14. The contours
were sampled with 64—128 landmarks using arc-length parameterisation.

The quality of the models was measured as the mean square error in leave-
one-out reconstructions. This is defined as the models generalisation ability. The
model is built with all but one example and then fitted to the unseen example. The
results are shown in Fig.4.11. The plots show the mean squared approximation
error against the number of modes used. This measures the ability of the model
to represent unseen shape instances of the object class.

For all examples we get models that give the same or lower error when using
the description length criterion compared to Procrustes alignment. This means
that the models generalise better. The improvements are small but consistent. The
computational cost increases of course using this alignment compared to Procrustes,
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but it is often worth while spending time on building a model of the highest possible
quality. Once the model has been built it can be used over and over again.

One reason why the description length alignment does not get even better results
can be that when there are many shapes the path to the minimum is difficult for
the optimiser to follow. The derivatives also get numerically unstable close to the
minimum. Another conclusion could be that Procrustes alignment, in its simplicity,
is a very good method for aligning shapes.

Sometimes the difference can be big. In Fig.4.12 is an example of when the
Procrustes alignment goes visibly wrong. It is a synthetic example with 24 shapes,
each built up by 128 landmarks. The shapes are rectangles with a bump at different
locations on the top side. For a human it would be natural to align the boxes and
let the bump be misaligned. These shapes are built up with a majority of landmarks
around the bumps and therefore both algorithms will give large emphasis on the
alignment of the bump. Note that this data only has one shape mode (the position
of the bump) and this mode is linear. Therefore perfect alignment should give zero
mean squared error on the leave one out reconstruction using just one mode. In this
example the model built from description length aligned box bumps gets almost zero
error on the first shape mode, but the model built from Procrustes aligned shapes
needs two modes to get a small error, see Fig. 4.13. The description length aligned
boxes also correspond better to how humans would align the shapes, as can be seen
in Fig. 4.12.

4.7.3 Experimental Validation of Parameterisation
Invariant Scalar Product

In this section the algorithm using the parameterisation invariant scalar product from
Sect. 4.6 is validated on the hand-, femur- and g- data sets.

Models built using the proposed scalar product are compared to models built
using the standard scalar product. For the standard scalar product the algorithm uses
parameterisation node cost [38] to prevent clustering of sample points.

Thodberg’s implementation of MDL [38] has again been used for the com-
parison.

Box bump Procrustes aligned

Box bump DL aligned

Fig. 4.12 A synthetic example shows that Procrustes alignment can fail (right). Note that the
description length approach succeeds (left)
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Seven control nodes have been used for the reparameterisations in all experi-
ments. To evaluate the description length for a given set of parameterisations the
curves must be sampled. For the proposed scalar product the sampling of each
parameterisation function y;(i = 1,...,ny) results in 7, sample points. This means
that for the proposed scalar product the number of sample points are n,n,. Since
the number of landmarks 7, were set to 65, this results in between 1,105 to 2,080
sample points for the three different datasets. To be able to compare the algorithms
the number of landmarks were set to 2,048 for the standard scalar product. Other
initialisations and parameters for the optimisation algorithms were identical in all
cases.

The generality of the models is measured as the mean square error in leave-
one-out reconstructions. The error between the original curve and the model
approximation curve is calculated by integrating the squared distance between the
curves by arc-length. The result is shown in Fig.4.15. The plot shows the mean
square approximation error against the number of modes used. This measures the
ability of the model to represent unseen shape samples or, in other words, the models
ability to generalise. It can be seen that the new scalar product gives models that
generalise better than models built using the standard scalar product, even if node
cost penalties are used.

The models built using the different scalar products are also evaluated using
specificity. By specificity of the models is meant that shapes generated by reasonable
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Fig. 4.15 The mean square approximation error of the six models is plotted against the number of
modes used. The fop figure shows the models of femurs, the middle figure shows the models of g:s
and the bottom figure shows the models of hands
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Fig. 4.16 The mean (solid
line) and the first mode of
variation (dashed and dotted
lines) of the optimised
models. The model on the left
is optimised using the
standard scalar product and
the model on the right is
optimised using the proposed
scalar product

parameter values (not more than +3 std.) should be representative for the training
set. In [17,25] it is shown that the quantitative measure of specificity is problematic.
A better way to evaluate the specificity is by plotting shapes modelled at equal
parameter values by the different models that are to be compared. By increasing
the parameter value up to 3 std. it can often be seen which model is more specific.
In Fig.4.16, the mean shape and the mean shape plus and minus three standard
deviations of the first shape mode is plotted for each model. The specificity
evaluation is presented for the most difficult dataset, the g-shapes. In the figure,
it can be seen that the shapes generated by the proposed algorithm are more
representative. Look at the left plot (standard scalar product used) and note, for
example, the sharp bend in middle of the dashed curve and the not sharp enough
corner at the end of the first arc of the mean shape (the solid curve). That this corner
is not sharp is a sign that the correspondences at this point are matching badly. Also
when comparing the two dotted g:s it can be seen that the one to the right (proposed
scalar product used) looks more natural. For the other datasets the differences in
specificity of the two models are somewhat harder to distinguish.

4.8 Summary and Conclusions

In this paper a way to minimise the description length that is more efficient than the
previously used Nelder—Mead Simplex technique has been presented. The gradient
of the description length with respect to parameterisation has been derived and a
steepest descent method is proposed to minimise the MDL-criteria. The proposed
algorithm has been compared to the state of the art algorithm proposed in [39].
For all test cases the models using the proposed method have better generalisation
ability and the convergence rate has increased considerably.

In this paper we present a new way to align shapes. The rotation is located by
minimising the description length. We derive the gradient of the description length
with respect to the rotation and propose to use Gauss—Newton to minimise the
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MDL-criterion. We have compared the proposed algorithm to Procrustes alignment
and shown that better models can be achieved using the proposed method.

In this paper landmark clustering is avoided by introducing a new scalar product
that is invariant to mutual reparameterisations. The optimisation of the shape model
becomes invariant to mutual reparameterisations and is therefore better suited for
finding correspondences. It is shown that the global minimum of the optimisation
problem using the standard scalar product is located by reparameterising all the
shapes to a single point. Using the proposed scalar product this problem is avoided
and a more robust and stable algorithm is achieved. The algorithm is compared
to a state of the art algorithm, which uses ad hoc solutions to prevent clustering
of landmarks. The comparison shows that the achieved models using the proposed
scalar product are more general for all the three tested datasets. The model of the
most difficult g-dataset turns out to be more specific than the model built using the
standard scalar product. It is concluded that the proposed formulation not only treats
the optimisation problem in a more mathematically rigorous way, but it also results
in better models than the former ad-hoc reparameterisation node cost.
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Chapter 5
On the Bijectivity of Thin-Plate Splines

Anders P. Erikson and Kalle Astrom

Abstract The thin-plate spline (TPS) has been widely used in a number of areas
such as image warping, shape analysis and scattered data interpolation. Introduced
by Bookstein (IEEE Trans. Pattern Anal. Mach. Intell. 11(6):567-585 1989), itis a
natural interpolating function in two dimensions, parameterized by a finite number
of landmarks. However, even though the thin-plate spline has a very intuitive
interpretation as well as an elegant mathematical formulation, it has no inherent
restriction to prevent folding, i.e. a non-bijective interpolating function. In this
chapter we discuss some of the properties of the set of parameterizations that form
bijective thin-plate splines, such as convexity and boundness. Methods for finding
sufficient as well as necessary conditions for bijectivity are also presented. The
methods are used in two settings (a) to register two images using thin-plate spline
deformations, while ensuring bijectivity and (b) group-wise registration of a set of
images, while enforcing bijectivity constraints.

5.1 Introduction

Thin-plate splines are a class of widely used non-rigid spline mapping functions.
It is a natural choice of interpolating function in two dimensions and has been a
commonly used tool for over a decade. Introduced and developed by Duchon [6]
and Meinguet [11] and popularized by Bookstein [1], its attractions include an
elegant mathematical formulation along with a very natural and intuitive physical
interpretation.

The thin-plate spline framework can also be employed in a deformation setting,
that is mappings from R” to R™. This is accomplished by the combination of
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several thin-plate spline interpolants. Here we restrict ourselves to m = 2. If
instead of understanding the displacement of the thin metal plate as occurring
orthogonally to the (x;, x;)-plane view them as displacements of the x;- or x»-
position of the point constraints. With this interpretation, a new function ¢ : R? —
R? can be constructed from two thin-plate splines, each describing the x;- and
x,-displacements respectively.

In spite of its appealing algebraic formulation, thin-plate spline mappings do have
drawbacks and, disregarding computational and numerical issues, one in particular.
Namely, bijectivity is never assured. In computer vision, non-linear mappings in
R? of this sort are frequently used to model deformations in images. The basic
assumption is that all the images contain similar structures and therefore there
should exist mappings between pairs of images that are both one-to-one and onto.
Hence bijective mappings are of interest.

This work is an attempt at characterizing the set of bijective thin-plate spline
mappings. It contains a formulation of how to describe this set, as well as proofs of
many of its properties. It also includes a discussion of some experimentally derived
indications of other attributes of this set, such as boundedness and convexity, as well
as methods for finding sufficient conditions for bijectivity.

The paper is organized as follows. In Sect. 5.2, the definition of the thin-plate
spline is given and properties of thin-plate spline interpolation is given. In Sect. 5.3,
the bijectivity constrain on thin-plate splines are studied and the properties of the set
of deformed control points that produce bijective thin-plate spline deformations are
presented in Sect.5.4. In Sect.5.5, it is shown how these constraint can be used
for pairwise image registration using thin-plate splines. In Sect.5.6 is presented
a method for automatic generation of active appearance models. In this method
a whole stack of images is simultaneously co-registered to a common active
appearance model using bijectivity constrained thin-plate spline deformations.

5.2 Thin-Plate Splines

Consider a thin metal plate extending to infinity in all directions. At a finite number
of discrete positions t; € R?, i = 1...n, the plate is at fixed heights z;, see
Fig.5.1. The metal plate will take the form that minimizes its bending energy. In
two dimensions the bending energy of a plate described by a function g(x, y) is
proportional to

_ P\’ Pg\ Pg\’
J(g)—//]RZ ((W) +2(8x8y) +(W) dxdy. 5.1

Consequently, the metal plate will be described by the function that minimizes (5.1)
under the point constraints g(t;) = z;. It was proven by Duchon [6] that if such a
function exists it is unique.
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Fig. 5.1 The shape of a thin
metal plate constrained to lie
at some distances above a
ground plane at nine different
locations

95

Given n point constraints T = (t;,t,...t,), along with the corresponding

displacements z = (21,22, ... ,2), 2 € R. Define

[7]1? 1og(l[A[). [1A]] > O,

o’ =10, k] > 0,

where || - || is the Euclidian vector norm.

(5.2)

Definition 5.1. A thin-plate spline function g, : R> = R is a minimizer of (5.1) iff

it can be written on the following form

n
gra(x) = ZSiU(X —t) +ai +ax; +azx, =

i=l1

o(x—t)
o(x—t)
=868 ...8] , +laraas]| x
—— :
8t o(x—ty,)
~———
s(x)
s(x)
_[sT 1
= [8 ay ap 03] s
X1
X2

where gt ,(X) 8;, a; satisfy

gra(t) =z,

(5.3)

5.4
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En:(si = Zn:(sil,‘x = Zn:(giliy =0. (55)
i=1 i=1 i=1

Combining (5.3)—(5.5) the thin-plate spline can be found by solving the equations

8T
a
[S(tl) 1, 112] a; =21,
as
5T
a
[s(tn) 1t tnz] ! = Zn> (5.6)
a
as
8
[11...1]]“ | =0, (5.7)
a,
as
1
aj
[TT 00] = 0. (5.8)
a
as
With the symmetric n x n matrix S defined by S;; = o(t; — t;) we can write
(5.6)-(5.8)
8T
S1,T 4 z
17 00 a‘ =10 (5.9)
T7 0 0 ? 0
—_——— Las
r
If t;, ..., t, are not collinear the symmetric matrix I" is of full rank (see [7]) and
(5.9) has the unique solution
5T
z
“l=plo]. (5.10)
aj 0
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Consequently, with the following partition of I” -1
Fll F12
—1
r— = |:F21 r2|
' nxn
r2— (le)T’ nx3
', 3x3

the thin-plate spline can be defined.

Definition 5.2. A thin-plate spline under point constraints T and z can be written

s(x)
1
gra(x) = [5T ap a 613] X1 =
X2
7 [ s(x)
=|r'lo L
0 H
X2
s(x)
_[,T —1 1
[z 00T o | =
X2
11
= [s7 1x] [?21i|z' (5.11)

Thin-plate splines of this form has a number of desirable properties. They are
both continuous and smooth interpolants. Equivariance under similarity transforma-
tions also holds.

Lemma 5.1. The thin-plate spline are equivariant under similarity transforma-
tions IT : R> — R? of T.

gnm2(x) = gr.(IT(x)), (5.12)
where

(T) = a(T + [Liy1 L)) R,
Re 0(2),
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a eR,

¥ e R2.

Lemma 5.1 fits nicely in with the metal plate analogy. Rotation, scaling and
translation of the location of the point constraints should not affect the bending
of the plate but solely result in a corresponding alteration of the plate. From our
intuitive understanding of this approach it is expected that the interpolation by such
a transformed spline should be equal to a transformation of the original interpolation
spline, which is exactly what this lemma confirms.

Finally, for the matrix I"'?, the following also holds

Lemma 5.2. If I is the matrix associated with a thin-plate spline mapping with
point-constraints T then with

1"12 — [FOIZ 1"112 I'v212] .

It holds that
(FOIZ)TIH — 1’ (1-v112)T1n — 07 (lez)Tln — 0’
(FIIZ)TT] — 1, (FOIZ)TTI — 07 (1—v212)7"Tl — 0’
()T, =1, (TP, =0, ()T, = 0. (5.13)
Proof.
S 1, T
Fll F12 n
-1
1=r F=|:F21F22i| 1; 00|=
T 0 0
T
r's+re [ln } r'fi, 1]
T! "
T
FZIS +F22 |:1n :| F21 [1 T]
T7 "
=
I-volzT
r*[y,rl=|r? |[1, T T.]=
lezT
FOIZTln 1"012TT1 FOIZTT2 100
r?'1, r'r o n2'r, | =010
F2]2T1n FZIZTT] 1'*212TT2 001



5 On the Bijectivity of Thin-Plate Splines 99

The thin-plate spline formulation can easily be generalized into higher dimen-
sion interpolants. With a different bending energy function, and its associated
fundamental solution (5.2), the above lemmas can be extended under this gener-
alisation. For more details see [15].

5.2.1 Pair of Thin-Plate Spline Mappings

The thin-plate spline framework can also be employed in a deformation setting, that
is mappings from R™ to R™. This is accomplished by the combination of several
thin-plate spline interpolants. In this section we do however restrict ourselves to
m=2.

If instead of understanding the displacement of the thin metal plate as occurring
orthogonally to the (x;, x,)-plane view them as displacements of the x;- or x;-
position of the point constraints. With this interpretation, a new function ¢ : R> —
R? can be constructed from two thin-plate splines, each describing the x;- and x,-
displacements respectively.

t
Definition 5.3. Given a set of target points T = [T; To] = | : |, t; € R* and
t,
yi
a set of destination points Y = [Y; Y;] = .y o€ R? A pair of thin-plate
Yn

splines mapping ¢ry : R? — R? is the bivariate function ¢y.y(x) = (g1(x). g2(X)),
where g;(x) and g>(x) are two thin-plate spline interpolants ensuring the point
constraints ¢ry(T) =Y.

The two thin-plate splines satisfying these constraints are

s(x)
gi(x) =gry,® =[Y 00| xll (5.14)

X2
and

s(x)
£(x) = gry,(x) =[Y 00] ! xll : (5.15)

X2

Since we know that g(T) = Y, and ¢>(T) = Y, it follows that ¢ry(T) =
(£1(T). &2(T) = (Y1, Yy) =Y.
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Using (5.11), such a pair of thin-plate splines mapping under point constraints
T and Y is given by

ory(x) = (g1(x), £2(x)) = [g1(X) ©2)]) =

s(x) s(x)
1 1
= T F_l T F_l =
(vpoolr | M| vooyr| !
L X2 X2
s(x)
Yroo] .| 1 rt
= r = T Y. (5.16
[Y§00i| x| [S(X) 1 xy x2]|:1-,21 ( )
X2

Deformations of this type inherits many of the properties of the underlying thin-
plate spline interpolants. Firstly, pair of thin-plate spline mappings are continuous,
smooth and surjective interpolants. The domain of these mappings is all of R? and
at infinity ¢y is purely affine. Equivariance holds, not only on T of Lemma 5.1
butalsoonY.

Lemma 5.3. Thin-plate spline mappings are equivariant under affine transforma-
tions B :R* > R?of Y, i.e.

or.20v)(X) = E(¢Pry (X)), (5.17)
where
E(Y) =YV + [ 1Ly L],
v e RZXZ,
v e R%.
Proof.

11
$ram(®) = [s07 1x 2] [11:21} (Ylp i [1(; 10 } 1/[) B

([s(x)T 1x1 X2 ] [11:;:|Y) v+
+[s®)7 1x x2] [?;1] |:1(;1 10 i| Y = [using Lemma 5.2] =

11

= ([S(X)T 1 x1 x; ] |:£21j|Y) Y+y = E(pry(x) o
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5.3 Bijectivity Constraints on Thin-plate Spline Mappings

In spite of its appealing algebraic formulation presented in the previous section,
thin-plate spline mappings do have drawbacks and, disregarding computational
and numerical issues, one in particular. Namely, bijectivity is never assured. In
computer vision, non-linear mappings in R? of this sort are frequently used to model
deformations in images. The basic assumption is that all the images contain similar
structures and therefore there should exist mappings between pairs of images that
are both one-to-one and onto. Hence bijective mappings are required.

From Sect.5.2.1 we have a deformation ¢ty that, for a given set of n control
points T, is parameterized (linearly) by the destination points Y. It is of interest
knowing which Y gives a bijective deformation, i.e the set

Q1 = {Y € R¥|¢ry(x) is bijective}.

Such a mapping ¢ : R?> — R? is locally bijective at a point x € R? iff its
functional determinant | J(¢)| is non-zero. Here

391 991
[ (gryon| = | 551 532 (5.18)

8)(?1 8)(?2

8 a F”
- 2 (o (3]

(s;] o2 1. o-rz‘zT) Y, =

using (5.16)

(s;l(x)Tr“ + F112T> Y., (5.19)
and similarly

Ao T 11 12T
e = <s;“ ® 4T )Yz, (5.20)
091 T il 127
= (s;z(x) r+r, )Yl, (5.21)
do T 1 127
= (s;z(x) r''+r, )Yz. (5.22)

where



102 A.P. Erikson and K. Astrém

o(x—ty) (xi —ni) (1 + log(|[x — t1][))

, 3 | o(x—t) (xi — 12i) (1 + log(||x — t2[[))
sxi (X) = g : = .

O(X_tn) (X,' _tni) (1 +10g(||x_tn||))
(xi — 11;) (log(||x — t;]]))

(xi = ta1) (log(||x — &2[]))
= xiln + Ti + l I .

(5.23)
(xi = tai) (log(|[x — t,[])
Inserting into (5.18) yields
|J(pry(x)| =
(s, 0 + 12 ) Yy (s, 0071 + 12T ) Yy
(s;(l "+ 2"y, (S;Z(X)TF“ + 2" Y,

= (3,007 T+ 12T Y (8,007 T 4+ 12T ) Yo —

=b;(x)7 =by(x)T

(s;z(x)TI“11 + F212T) Y, (s;1 x4+ F112T> Y, =

=by(x)" =b;(x)7
= Y[ (100" —b2(0bi (") Y2 =
DT(X)

0 DT(X) Y1 _
[yiv:) [DT(X)T 0 ] [Yj -

——
B(x) %

N =

1. L1
= EYTB(X)Y = 5hT(Y,x). (5.24)

Using Lemma 5.2, b; (x) can be simplified

b (x)" = (I''s, (x) + %) =

(xi —117) (log(|[x — t1]]))

(xi — t27) (log(llx — 1)) Lz

1

=TI x1,+ T +

(xi - tm') (IOg(| |X - tn”))

yi (%)
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17 —

_ [11:“;"1 - 8} = 'y (x) + 2. (5.25)
Each point x € R? gives a quadratic constraint on Y, (YT Br(x)Y = 0) for local

bijectivity. In order to simplify notation, Y will be used to denote its vectorized

version Y as well. The intended form of Y should be clear from the context. Since

¢r.y is a continuous mapping, for it to be globally bijective this constraint must

eitherbe > 0, Vx € RZ or < 0, Vx € R

The set 21 can thus be written

Q2r ={Y e R*"|Y" Bp(x)Y > 0, Vx € R? or
Y'Br(x)Y <0, Vx € R?}.

Defining
24 ={Y e R*|Y" Br(x)Y > 0, Vx € R?}

and with £27 defined similarly, one can write 21 = 2 U £25. Seeing that if
Y € .Qr}" then |:(:I (I)j| Y € £, it does, without loss of generality, suffice to

examine .Q;r . Hence, references to bijective thin-plate spline mappings will from
here on be with respect to the set £

The sought after set is evidently the intersection of an infinite number of high-
dimensional quadratic forms each on the form (5.24). In an attempt at visualisation
one can take 2-dimensional intersections of these constraints and plot the resulting
quadratic curve for any number of points in R?, see Fig. 5.2.

This is clearly a somewhat impractical representation of .Q;r , an implicit
representation would be preferable. That is a function e(Y) such that

6
10000
5 3 3 3 o o
* 8000 :

4 o o o o o 6000 :

* {
3 o ) o ) ) /\ 4000 "‘-‘
2 o o o *o ) 2000 fo-e- ol )
1 o o o o o 0 . )L,"- ~
0 -2000 [

0 1 2 3 4 5 6 —-2000 -1000 O 1000 2000 3000

Fig. 5.2 The constraints imposed by three points in R? on a 2-D affine subset of R?". Left: The
source configuration with three arbitrarily chosen points in R?> marked. Right: The three resulting
quadratic constraints
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e(Y)>0& Y e Qf,
e(Y)<0& Y ¢ 2F.

Such an implicit representation of .Q;r is contained in the affine variety defined by
the envelope equations

Y Br(x)Y = 0, (5.26)
Y’ Br(x),,Y =0, (5.27)
Y’ Br(x),,Y = 0. (5.28)

This comes from the fact that (5.24) form a family of quadrics in R?", parametrised
by points in R?. Then the implicit representation must be a subset of the envelope
of these functions.

An alternative way of viewing these equations is that points on the boundary of
.Q;' must be global minimizers of ip(x, Y*) over R? with global minima 0. With
this interpretation (5.26)—(2) are the first-order-conditions for such a minima.

However, the task of solving this system of log-linear equations is a formidable
one that has yet not been accomplished.

5.3.1 Properties of 2}

Despite the high degree of complexity that .Q; possesses there are still a number
of properties that can be identified. Firstly, the set in question actually is of a very
familiar shape

Lemma 5.4. The closure of 27, cl(.Q;') is
(i) a generalised double cone

(ii) star-convex around 0

(iii) connected

Proof. 1t is only necessary to show that cl (.Q;r ) is a cone since this implies star-
convex around 0 and star-convex implies connected.

The closure of £2; can be written ¢/(22{) = {Y € R*|Y" By(x)Y > 0, Vx €
R?} then for any y € cl(Q;r) obviously Ay, A € R, is also in € cl(SZ;r), hence
cl (Q{f ) is a double cone. With a similar reasoning it can easily be shown that .Q;r
is a double cone with the origin removed. O

The defining matrix of the quadratic constraints Br(x) and its subordinate Dy (x)
are also surprisingly simple in their form. Some of their characteristics can be
summed up in the following two lemmas
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Lemma 5.5. The n x n matrix Dr(x) = bi(X)ba(x)7 — ba(x)b1(x)7 defined in
Sect. 5.3

1.

Is non-zero for all x € R?> = by (x) and b (X) are never parallel,

2. Is zero-diagonal,
3. Is skew-symmetric,
4. Column rank 2,

5. Has eigenvalues A = L£iAp, Ap = /b (X)dp(x)by(X).
Proof.

1.

The matrix dy(x) defines the bijectivity constraints on Y for a given point x € R
If there exist an x such that dy(x) = 0 then Y7 By(x)Y = 0, for any destination
configuration Y. The thin-plate spline mapping is never locally bijective around
that point regardless the choice of Y. However, since we know that setting Y =
T gives the identity mapping, which is bijective. From this contradiction it is
concluded that Dp(x) must be non-zero for all x € R2.

If by (x) or by(x) are parallel then d(x) = 0 and the implication follows.

. The matrix dp(x) is zero-diagonal since

(D1(x))ii = (b1(x)); (b2(x)); — (b2(x)); (b1(x)); = 0.

. It is skew-symmetric as

Dr(x)” = (bi(x)by(x)” = by(x)by(x)7)" =
b, (x)b; (x)7 — b (x)by(x)” =
= — (bi(®)b2(x)" —b(x)b1(x)") = —D1(x).

. The column rank follows from that each column in dy(x) are the linear

combination of non-zero vector non-parallel vectors b; (x) and b, (x).

. Assuming that the eigenvectors of dr(x) can be written v = b; (x) + aba(x).

The eigenvalue problem then becomes
dr(x)v = Av,
(b160b2x)" = b2x)bi (307 ) (b1 (x) + aba(x) ) =
- /\(bl (x) + abz(x)),
(6160 b2(%) + b2 (3)” b (%) )by (3)+

(= 110071 (x) — b1 (07 ba(x) ) bo(%) = A1 (x) + Acb2(x).
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Then for equality the following must hold

{ b (x)"ba(x) + absy(x)"by(x) = A,
—b1 (x)" by (x) — by (x) by (x) = A,

Eliminating o gives

22 4 (10071 () (b2(%) B2(%)) = (b1 (307 b2(0))*) = 0

=t | = (0160 510 (207 ba(x) = (b1 (%) b>(0)*) =

>0 (Cauchy-Schwarz)

= i /b (x)7 dr(x)by(x)).

Since by (x) and b, (x) are never parallell Ap is always non-zero. Hence the two
non-zero eigenvalues of dp(x) must be +iAp. It can be noted that as these
eigenvalues are both imaginary and sums to zero (iAp + (—idp) = 0 =
T r(dr(x))) in accordance with (ii) and (iii). O

0 Dr(x)

—Dr (X) 0
matrix with column rank 4 and eigenvalues £\ p

Lemma 5.6. By (x) = [ :| is a zero-diagonal, symmetric 2n X 2n

Proof. 1f v and u are the eigenvectors to dp(x) with eigenvalues i Ap and —i A p it is

readily shown that [ .v ] |:_V:| .u and |:—u] are eigenvectors to Bp(x) with
iv iv | |Liu ] iu
eigenvalues —Ap, Ap, Ap and —A p respectively.

0 DT(X)]_V__[ii/\DViI__A y
—Dr(x) O Liv| | —iApv] Pliv

Similarly it can be shown for the remaining three. Zero-diagonality, symmetry and
column rank follows trivially from the preceding lemma. O

The matrix By (x) is evidently of high dimension and low rank. Its vector- and null-
space both vary with x. A linear subspace of R>" that is a subset of the null space of
Br(x) for all x € R?, as well as parts of the affine variety of the quadratic equation
Br(x) defines, can nevertheless be found.

Lemma 5.7. The function hr(Y, X) of (5.24) is the zero-function,

he(Y,x) = Y/ B(x)Y =0, Vx € R?,
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if
1, 0
Ye| N,
50 JU
where

N:{V:[“W} | we R, M,veﬂz@}.
vw

Proof. IfY € I:l(;’lo]thenY: I:l(;llo Y.
n n

Using Lemma 5.2 it follows that

~ ~ 17 0 1, 0 | ¢
_vT n n _
hp(Y,x) =Y |: 017 BT(X)[O 1n:|Y_

n J

YT [_IZDT(X)ln 0 } -
0 I;DT(X)IH

Expanding gives
17 Dr(x)1, = 1] (b1 (x)b2(x)" — br(x)b1(x))1, =

= (1 51(0))(b2(x)"1,) = (1 b2(x) (b1 (%) 1))

b0 =11y (0 + T =1 Ty (x) + 17 12 =0
17b,(x) =11(I'My,(x) + L) =1 Ty (x) + 1712 =0

= (V%) = Y7 [_I”TDT(X)l” ’ }
T N =

Y=0
0 17 Dr(x)1,

vw

r(22]) -t 2]

_ 0 Drx)||[pw]| __
_[“WT”WT][—DT@) 0 va]_

= pow! Dypx)w — vuw’ Dr(x)w = 0

IfY € N then Y = [”‘W] and

Next we address the issues of boundedness and convexity.
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5.3.2 Boundedness

Obviously, from the equivariance property of Lemma 5.3, the set in question is
indeed unbounded. Since the composition of bijective deformations is also bijective,
any bijective target configuration can be deformed by any mapping from the
unbounded set of bijective affine transformations R? — R? and still belong to £2;F.

However, if the affine transformations are disregarded is £2; still unbounded?
By studying one-dimensional intersections of the set, it can be shown (for specific
configurations T) that the set is indeed bounded if this restriction is introduced.
Consider the subset E of configurations in which the first three points have the
same positions as corresponding points in T, i.e. E is formed by perturbing all but
the first three points of T. Define the subset .Q; £ as

2f; ={Y € Elhr(Y.x) > 0, Vx € R*}.

These are the configurations in £ which gives bijective thin-plate-spline transfor-
mations. Now study one-dimensional affine subspaces of E containing T, i.e.

Eq ={T + sd|s € R},

d . .
where d = |: d] i| represents changes in configurations. Here d must be zero at the

2
elements corresponding to the fixed points so that Eq C E. This intersection of Eq4

with .Qf{E is
24fp, =1{Y € Eqlhr(Y.x) > 0, Vx € R%}.

Here
hr(Y,x) = hp(T + sd, X) = aq(x)s> + ba(x)s + ca(x).

Since ht(Y, X) is quadratic in its first argument, for each point x € R?, we thus get
a quadratic constraint on s. Here the coefficients of the second order constraints are
given by

aa(x) = d" Br(x)d,
ba(x) = 2T7 By(x)d, (5.29)
ca(x) = TT By (x)T.

Lemma 5.8. The function by(X) can be simplified as

ba(x) = [bi(x)" ba(x)"]d = b(x)"d.
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The function c4(X) is independent of both d and x. In fact
ca(x) = 2.
Proof. Using Lemma 5.2 gives
by (x) = T (M x) + 1127 = 17 2’ =1,
T by(x) = TV (IM'y(x) + 12y = 17 12" =0,
TIbi(x) = T3 (M) + 12 = 152" =0,
TTby(x) = T3 (M) + 132 =TI = 1
So
T D1(x) = T| (b1 (x)b2(x)" — b (x)b1(x)7) = ba(x)”,
TS D1(x) = T3 (b1 (x)b2(x)” — b2 (x)bi(x)7) = —b;(x).
This implies that
ba(x) = 2T By(x)d = [T] T} ]Br(x)d = [T} D1(x) T! Dy(x)]d =
=bix®" b(x)"]d =bx)"d
and
ca(®) = 2T" Br(®)T = [bi(x)" by(®) T =b;(x)" Ty + by(x)' T, =2. O

A sufficient condition on the boundedness of .Q; £, 18 that there exists a point
x € R? such that aq(x) < 0 since this will limit the distance s for which the spline
mapping is bijective. To prove that .Q;’ g 1s unbounded it is sufficient to show that
.Qif £, 1s bounded for every direction d,y i.e. that aq(x) never can be non-negative.

Here we need to study the space of all functions aq4(x) as the direction d is varied.

Lemma 5.9. Given a thin-plate-spline defined by n separate control points, assume
that the first three points define an affine basis. All possible functions aq(X) given by
(5.29) lie in the D = (n + 1)> — n dimensional space A of functions spanned by
functions a;; (x),

a;j (x) = f1,(x) f2,; (x), (5.30)

where
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fi =",

hoo =729,

Proof. The function aq(X) can be written
aqa(x) = d" Bp(x)d = 2b;(x)" (d;d] — drd] )by (x)" =
= 20107 1"+ () (did] — dod] ) (p2(x) + 152) =

= n@" (M (did] —dod] ) 1) y2x)+

zero-diagonal
+ 20 (1 - dod] ) y2(x) = 21377 (did] - dod] )11 %)+

n+1n+1

+20) (] = aaa] )1 = 373 e f11 9 0 =
i=1j=1

n+1n+1

= Z Z(X,’jd,’j (X)

i=1j=1

With f1(x) and f>(x) defined as above. As the matrix I"!! (d]dzT - dzle)F s
zero-diagonal, o;; = O forall i = j, exceptfori = j = 1 giving the dimension
of A. O

Theorem 5.1. For a number of grids T, including rectangular regular grids of
[ xmwithl < 10 and m < 10, the set of perturbations that leave three of the
corner points fixed and gives bijective thin-plate splines is bounded in all directions
for which d; is not parallel to d,.

Proof. The proof follows from explicit study of the basis functions a;; (x) for these
grids. Thus for a given point configuration T and assuming that three of the points
in T constitute an affine basis it is possible to calculate a basis A of functions which
contain all possible functions aq4(x) with d leaving the affine basis fixed. By studying
the feasibility of the convex set

{zeRP, 2#0[,4z>0.1"4) z =1}

with A containing as rows the D basis functions sampled at a discrete number of
points. It can be shown that there exists no non-negative functions in A, except the
zero function. The only directions d for which aq(x) is constantly equal to zero are
those with which d; and d, are parallel. O
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5.3.3 Convexity

In certain computer vision applications it is desirable to find deformations that map
two or more images onto each other optimally. In optimization theory the main
issue is not that of linearity and nonlinearity, but convexity and nonconvexity, any
convex properties of .Q; is therefore of great interest. Since the set in question is
the intersection of an infinite number of non-convex sets, it would be expected that
2% is non-convex. This is also the case.

Lemma 5.10. In general .Q; is not a convex set.

Proof. Proof by counter-example. For .Q;r to be convex then for any y;,y, € .Q;r
the line Ay; + (1 — A)y, must also be in .Q;r for 0 < A < 1. A simple counter-
example where this convexity requirement is not met can be found by choosing T
to be a regular 3 x 3 rectangular grid, and y;, y, slightly altered versions of T, see

Fig.5.3. s
4 4
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3 3
25 25
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2 %] 2
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Fig. 5.3 A simple example illustrating the non-convexity of Q}" Top left: Source configuration
T, Top right: Target configuration y;, Bottom left: Target configuration y,, Bottom right: Target
configuration y; 42 = Ay; + (1 — A)y2, A = 0.4. Clearly y, and y, are bijective but y,, is not
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3.5 T T T T -

2.5

1.5

05 N —
o5 1 15 2 25 3 35

Fig. 5.4 Example of non-convex intersection with .Q?_ under affine restriction. Here only the two
left-most points in the bottom row are permitted to move in one dimension, as indicated by the
arrows. The resulting set is clearly non-convex

6 . . . . . 15
5 o o o ° o 10
4 ° « « . 0 5
3 0 x x x 0 0
2 o x x x o -5
1 o o o ° o { -10
0 : : : : . -15

0 1 2 3 4 5 6 -15 -10 -5 0 5 10 15

Fig. 5.5 An example of a non-convex intersection with .Q;" with the restriction that only points
in the interior of the convex hull of {t;}, i =1, ..., n were permitted to move

Adopting the approach of disregarding affine transformations from Sect.5.3.2
does not make the set display any convex characteristics. As in the proof of the
preceding lemma a counterexample can easily be constructed, see Fig. 5.4.

As it was observed that these non-convex intersections often involved points on
the boundary of the convex hull of {t;}, i = 1,...,n. The idea was to examine if
not permitting points on this boundary to move would ensure convexity. This proved
not to be the case, a example of this can be seen in Fig.5.5.

Apparently [2;’ is a highly non-convex set. However, there are restrictions for
which convexity can be achieved.
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Lemma 5.11. The set .Q;' ¢ is convex if the affine subspace E C N, with N defined
as in Lemma 5.7.

Proof. With

{Y € E[Y'B(x)Y > 0,Vx € R?},

+
QT,E

E

{U+ Ey|E eR™ UeR™, yeR'}

we get Y = U + Ey. Consequently, using Lemma 5.7

Y'Bx)Y = (U + Ey)'Bx)(U + Ey) =
=y (ETB(x)E)y + 2UTB(x)y + UT B(x)U =2U" B(x)y + UT B(x)U.
———

=0

The set SZ;' g 1s now defined by linear constraints, a polytope and is therefore
convex. O

Corollary 5.1. The feasible bijective thin-plate spline mappings when only
displacing one target point location make up a convex set.

Proof. This follows trivially from Lemma 5.11 as the corresponding affine subset is
contained in N. O

Finally, there are strong indications that .QT+ is star-convex around T. That is, that
the intersection of 27 and any affine one-dimensional subspace of R?" containing
T is convex. However, proving this statement still remains open.

5.4 Sufficient Conditions for Bijectivity

Given the complexity of the set of bijective thin-plate spline deformations, the
enterprise of finding the defining expressions analytically is a formidable one.
Instead one can use numerical methods to derive conditions on .Q;' . By finding
subsets of .Q; , through different relaxation methods, sufficient conditions for
bijectivity can be obtained. In this section we discuss some of these conditions.

5.4.1 Maximum-Volume Inscribed Sphere

A sufficient condition for bijectivity could be a sphere S contained in 27, so that
fYeS=Ye .Q; . Obviously the larger the volume of the sphere contained in
.Qif is the better the sufficient condition would be.
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Let Sr be a sphere with radius R defined by an quadratic inequality

1
Sg =1{d e R¥| —ﬁd7d+1>o ) (5.31)

Using the notation from Sect. 5.3, Q;r is the intersection of quadrics on the form
C(x) =1{d e R | d" Br(x)d +2b(x)"d +2 > 0, x € R?*}

it is clear that Sg C 247 if S € C(x), Yx € R?

Theorem 5.2. A thin-plate spline mapping ¢ry : R> — R? with n point
constraints T and Y is bijective if

1

Vmaxyeg: (Ay (%))

that is if 'Y is inside a sphere centered at T with radius R. Here Ay (X) are the
eigenvalues of the matrix

IY-T|| <R =

(5.32)

(5.33)

M(x) = [bl(X>b1(x>T bz(x>bl(x>T]

b1 (x)b2(x)” by (x)by(x)"

Proof. The S-procedure, a commonly used method for dealing with quadratic
constraints [12] , gives that Sy is in C(x) if there exist a t > 0 such that

Br(x) b(x) —-L710
[b(x)T 2 ]_[ 0 l}io

>0

|:BT(X) + 7221 b(x) ]
b(x)” 2—1

By the Schur complement, this is equivalent to

(BT(X) + rizl) — ;b(x)b(x)T >0,

R 2—1
0<t<2.
Setting T = 1 gives
Br(x) + 731 —b(x)b(x)” =
_ [ 0 b (x)by(x)" — bz(X)bl(X)T] _
by ()b (x)" — by (x)by(x)” 0
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by (b1 ()7 baba)” | T R T

_ [bl(x)m(x)T bl(X)bz(X)T} I
Rz

_ LI _ [bl(x)bl(X)T b1 (x)bs(x)”
R b2(x)b;(x)7 by (x)by(x)”

M

}(x) > 0.

This holds if % is greater than the largest eigenvalue of M (x), or

1
R < O

T Ymaxgep (Ay ()

Even though this theorem provides a simple sufficient condition for bijectivity
it does require the computation of a large number eigenvalues. As eigenvalue
computation involving large matrices is a notoriously arduous task, it should be
avoided as much as possible. Fortunately, a closer look at the matrix M (x) from the
preceding theorem reveals a relatively simple expression of the largest eigenvalue
of such matricises.

Theorem 5.3. The largest eigenvalue of a matrix on the form

M= uu” vu”
=17 T |

uv: vy

where v, u € R" and not parallel, is equal to

1
Amax = > (uTu + v + V(@Tu—vTv)2 + 4(uTv)? ) ) (5.34)
Proof. Assuming that the symmetric rank 4 matrix M has eigenvectors on the form

|:u+av

]. Then finding the eigenvalues of M means solving
cu+dv

wT wT u-+av u-+av
roor =2 .
vu' uu cu—+dv cu—+dv

Multiplying gives

uuu + auu™v + cvulu + dvuv _ u—+av
w'u+aw’v+cewlu+dwlv | " eutdv]’

Wlu+au™vyu+ (culu+du"vv] [ du+ rav
OTu+av™Vu+ (evTu+dvivyy | | deu+ Adv |’
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For equality
wu+au"v) =21,
(cuTu + duTv) = Aa,
vTu+ avlv) = Ac,
(evTu+dvliv) =
must hold.

Continuing solving the equation system yields

Wu+au™v) = A,
(cuu+du™v) = (au"u + a*u’v),
0Tu+av’v) =cuu+ aculv,

(evTu+dviv) =du"u+adulv.
Eliminating A from the second equation gives

v + avly
uTu 4+ aulv’

Inserted into the third and fourth equations

(VZIZZ V)u u+du'v) =auu+ a*ulv,

(LT utav: AWlu+dviv)y=du"u+aduv.

ulu+aulv
Now solving for d

vTu—l—avTv

d=v"u
WTu + au™V) (W u + auTv —vTv)’

and back-substitution gives a single polynomial equation in a
@'va* + @G’ u) —viva® + 3ul v u)* — W uy o v))a?+
+ (W u)? — @y — ulu@™v)? — @)y + uTu(Tv)>—
—vIv™v)Ha — W uw)u’v + @) (vl v) — Wv)? =0,
which can be factorized into
((uTv)a2 + wu—vvya — uTv>

((uTv)zaz 2™ w)a+ (T w)? + @) — (uTu)(vTv))) -
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The first parenthesis gives

ulu—vTy n uTu —vTv\? 1
i = ——— - —
12 2uTy 2uly

. —Tu—vTv) £ /(uTu—vTv)?2 + 4(uTv)?
N 2uTy

and the second

uly

ulu n \/(uTu)z B uTu)? + (uv)? — @) (vTv)

a34 = ——— —_
4 ulv (uTv)?

—u"u+ /(uTv)> — uTu)(vTv)

uly

Finally with A = u”u + au’ v the eigenvalues of M can written

1
Ma=u'u+au'v= 5 (uTu + 9Ty 4 V(T u—vTv)? + 4(uTv)? )

Mg = Fulu+azqu’v = VW@ u)(Tv) — ulv)?

Since M is a rank 4 matrix and Ay,...,A4 # O the initial assumption on the
form of the eigenvectors is correct and the non-zero eigenvalues of M are the ones
given above. It only remains to determine which of these eigenvalues is the largest.
Obviously A; > A, and A3 > A4. Comparing A; and A3

1 2
M- = 1 ((uTu +vI) + V@l u—vTv)? + 4(ulv)? ) —

— ((uTu)(vTv) — (uTv)z) = %(MTM)2 —WwOy) + %(vrv)z—i—

1
+ ') + E(uTu + vV W@Tu—vTv)? + 4uTv)? =

= l ((uTu) - (vTv))2 + ') +
2 ——

>0 =0

1
+ E(uTu + IV V(@Tu —vTv)2 + 4uTv)2 > 0
——
>0

>0
= A7 > A3

Since A1, A3 > 0 this implies that A; > A3. O
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Applying this result to Theorem 5.2 results in the following corollary.

Corollary 5.2. The largest eigenvalue of the matrix M(X) from Theorem 5.2 is
given by

A = 3 (5197 h10 + b20 ba()+

V@b X) — @) ) + 4B 0T ). (5.35)

Remark 5.1. Tt can be noted that two of the smaller eigenvalues of M(x) are
identical to the eigenvalues of the matrix Br(X).

A3 = £V (0107 h1(x) (b2(x)T b2 (X)) — (b1(X) T ba (X))~ =
[see Lemma 5.6] = £Ap.

An example of a maximum-volume sphere conditions for a generic source
configuration T is shown in Fig. 5.6.

5.4.2 Maximum-Volume Inscribed Ellipsoid

The condition from the previous section can be improved by instead finding the
maximum-volume ellipsoid & = {d eRY |dTAd +2a"d -1 < O} inscribed in
.Q;r . Finding such extremal volume ellipsoids can be formulated as optimization
problems [10, 14].

max volume of £
st. EC C(x),V xe R
However, since there are finitely many variables and an infinite number of con-

straints this is a semi-infinite program [8]. In order to avoid this we approximate
.Qif by the intersection of a finite subset of these constraints.

6 -4 -2 0 '8 10 -80-70-60-50-40-30-20-10 0 10 20

Fig. 5.6 The intersection of three arbitrarily chosen hyperplanes and Q;_ along with the resulting
maximum-volume sphere condition of Theorem 5.2
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Ci={deR¥”|d"B;d +2bTd +2>0,i=1...L, B; = By(x;), x; € R?
1

Using that the volume of E is proportional to log(det A) the maximum-volume
inscribed ellipsoid optimization problem can be formulated

Lemma 5.12. The ellipsoid & = {d € R |d"A*d +2a*"d —1 < 0} where
A* and a* are the global optimizers of

min log(det A)

Bl‘ b,’ —Aa
— T p=
s.t. |:b,-T2:| T’[aT l]_O

7, >0

i=1...L

. . L. . . L
is the maximum-volume ellipsoid inscribed in ﬂi:l C;.

Proof. The volume of an ellipsoid on the given form is inversely proportional to
log det(A). The constraints follows directly from the S-procedure, see the proof of
Theorem 5.2. O

This is a non-linear program with a convex objective function and bilinear
matrix inequality constraints. It can been shown [14] that it is a convex program
if £2, is a convex set. Following that this formulation is less constrained than
Lemma 5.2, the ellipsoid & should provide a superior sufficient constraint on Y
for bijectivity. However, the disadvantage of this approach is that it involves a more
computationally complex optimization problem.

5.4.3 Improving Sufficient Conditions for Bijectivity

The sufficient conditions derived in Sects.5.4.1 and 5.4.2 are on a very compact
and simple form but can in cases be overly tight. Using properties discussed in
Sect.5.3.1, such convex bounded quadratic constraints can be further improved
while still keeping their appealing representation.

First the following lemma that connects the null space of By (x) to bijective target
configurations is formulated.

Lemma 5.13. If Y gives a bijective bijective mapping, that is Y € .Q;r , so do all

points in the hyperplane Y + |:10" 10 :| |:M:| where ©,v € R.
a1V



120 A.P. Erikson and K. Astrém

Proof. Y € 24 then Y/ Br(x)Y > 0, Vx € R2,

o5 2 e 52 -

01, 01, v
=Y By(x)Y + 2Y7 Br(x) ([10 10 ] [“D +
n v

T
1, 0 M 1, 0 " N
ALl ol
1, 0 n. .
= [from Lemma 5.7 we know that is in the null space of

01, v
Br(x)forall x € R*] = Y/ Bp(x)Y > 0, Vx € R% (5.36)

O

To each bijective configuration there is an entire set of associated configurations,
guaranteed also to be bijective. This, in conjunction with the cone properties of .Q]T ,
allows for the extension of any convex, bounded quadratic sufficient constraint as in
the ensuing theorem.

Theorem 5.4. If the ellipsoid & = {y|yTAy +2a"y + ¢ < 0, y € R*} is
contained in 2;% then so is the set

K ={y|yTAy <0, y e R*"} (5.37)
where
A= ((aTG_TEETG_la +¢)(A—GEETGT)—
—(I -—GEETG Yaa" (I - (GEETG—')T)) (5.38)
and

= 1 .
0 Tﬁln

Here G is the upper-triangular matrix from the Cholesky-factorization of A =
GGT. The set K is a double cone with the origin removed, it contains & and is
also in 2.

&CKcCRf

Proof. From the cone property of .Q;r from Lemma 5.4, we know that if y € .Q;r
then the entire line Ay, A € R is also in .Q;r , except at the origin. Combined with
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Lemma 5.13 this means that if y € £2; then the linear hull

A
1, 0
L,= I:(; 1, yi| lj | VA, n,veR

is a subset of £2.
An open ball S centered at m with radius r can be written

S=ly-—m"(y—m)<r’ yeR"}.

That is, a point y is in S if its distance to m is less than r.
If S C 22 then y € 2, if L, intersects S, i.e. the distance from m to L, is
less than . An orthogonal basis for L, can be written

e
wle 0
F = 0 7?1/‘

~——
E

Where

i (I — EET) (I — EET)
y= y=

ST —EENT(I —EED)y yyT(I —EET)y

The distance d(m, L,) between m and the hyperplane L, is the length of the
vector v

v=m—FF'm=I—-FF")m,
thus we obtain
dim,L))? =viv=m"(I - FF")' (1 — FF")m =
=m!'(I =2FF" + FFTFFYm =m"(I —2FF" + FF")m =
=m!' (I — FF')m.
The constraint d? < r then becomes
dm,L))> =m"(I — FF")ym =
ET
(I—EET)

T T
yl(I—EET)y (_EE)
(VyT(I—EET)yy)
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= m" ((1 _ppry- U EEDy U~ EET)T) m < r?.

y'(I —EET)y
Simplifying
m' (I — EETYmy" (I — EET)y—
—m" (I —EET)yyT(I — EE"Y'm < r*>yT (I — EET)y
Y ((n™ (1 — EETym)(I — EET)~
(I—EEDYmm™(I — EET)T —#*(I — EET))y <0
yI(m"™(I — EETYm —r*)(I — EET)—
— (I —EEDYmm™(I —EE")T)y <0
yT((mT(I — EET)m —r)I — (I — EET)mmT) (1 - EET)y <0 (539
Equation (5.39) can then be generalised to handle ellipsoidal constraints on the form
E=yTAy +2a"y +¢ <0, y e R},

Where A is a symmetric and positive definite matrix so it has a Cholesky
decomposition 4 = GG as well as an inverse. Using this we can write

ylAy +2a"y +ec=(+A'\) Ay + A7 a) + (—aTA\a 4+ ¢) =
—_———

=G Ty +GTGGHY ') T(GTy +GT(GGT) 'a) +¢ =

_ T —1 T T —1 ~

=(G"y —I—GNa) G'y+G a)+c¢ =

e i
=G +m) (G +m) +é.
Inserting this into (5.39) with r?> = —¢ gives
yT((mT(l — EE")i + &)1 — (I — EET)rﬁrhT) (1 - EET)y~ -
= yTG((aTG_T(I —EE")G'a—a"A7'a + )1 -
- EET)G’laaTG’T) (1 - EET)GTy -
_ yT((aTG_TEETG_la +¢)(A— GEETGT)—

— (I —GEE"G Yad" (I — (GEETG_I)T))y <o0. (5.40)
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In the case of the maximum-volume inscribed sphere this results in

Corollary 5.3. A thin-plate spline mapping ¢ty : R?> — R? with n point
constraints T, Y and ¢ = ————— as defined in Theorem 5.2, is bijective if
/a2 Gy ()

YT((TTEETT Yoy —(I— EET)TTT)(I _EET)Y <. (5.41)

Proof. Follows trivially from insertion of Theorem 5.2 into (5.37). O

5.5 Two View Registration Using TPS

This section addresses the problem of image registration. It is the process of
geometrically aligning two or more images. Image registration has been the subject
of extensive research over the last decade, see [16]. This field is widely applied in
computer vision, remote sensing and medical imaging.

The approach presented here is based on the thin-plate spline mapping described
in the previous section. Using this mapping we wish to find dense and bijective
correspondences between pairs of images. The underlying hypothesis is that the
image pairs contain similar structures and therefore there should exist mappings
between pairs of images that are both one-to-one and onto, i.e. bijective.

The contribution of this section is in addition to highlighting of some additional
interesting properties of the thin-plate spline mapping also the incorporation of
sufficient quadratic conditions for bijectivity into an image registration framework.
A description of how to combine this into a simple but efficient algorithm based on
a least squares minimization formulation is also provided.

5.5.1 Thin-Plate Spline Based Image Registration

The registration of two images requires finding the deformation of one image that
makes it as similar as possible to the other image. Here, the non-linear deformation
used is the thin-plate spline mapping and the similarity function is simply the sum
of squared differences in gray-level intensity.

Denote the image to be warped /(x), the reference image /,.r(x) and the thin-
plate spline mapping by ¢r(x, Y). (Remark: We have slightly changed the notation
for the thin-plate spline mapping to emphasize that we now see ¢ as a function of the
destination configuration Y as well. These are the variables the similarity measure
later will be optimized over). Introducing the finite set X = {x;,Xs,...,Xy} of
points where the two images are to be compared, typically all the pixel positions of
the reference image, the similarity function can then be written



124 A.P. Erikson and K. Astrém

N N
SO =Y 0:(V))* =Y (I(pr(xi. Y)) = Loy (%)) (5.42)

i=1 i=1

Minimizing such a sum of squares is a frequently occurring problem and a number
of methods exist that take advantage of its particular structure.

The Gauss—Newton method addresses this in a very simple but appealing manner.
This iterative algorithm converges linearly towards the minima if the starting point
is sufficiently close. With the Jacobian of (Y) = [r1(Y)...ry(Y)] defined as the
N x 2n matrix (J(Y));; = (3%_), the gradient and Hessian of f(Y) in (5.42) can
be written

V(YY) =2JY) i (Y), (5.43)
N
H(Y) = JY)"J(Y) +2) ri(Y)V?ri(Y). (5.44)

i=1

In order to avoid having to compute V2r;(Y) in every iteration the second part of
(5.44) is assumed small and is simply neglected.

H(Y) ~ H(Y) = J(Y)T J(Y).

This also ensures that H(Y) is positive semidefinite. Now by approximating f(Y)
by its second-order Taylor expansion near Y, we get

fOY) &~ f(Yo) + V/(Y) (Y =Yi) +

SO =Y A ~ Yo = f(V) (549)

The unconstrained minimization of this quadratic approximation of the objective
function f'(Y) is then, in its original formulation, performed by the normal equation

Yis1 = Ye — (J(YO) T(Y) I (YR)ri (Ye). (5.46)

By applying this method iteratively Y, should then converge to a local minima of
JY).

However, since we want to minimize (5.42) over bijective mappings only, a slight
alteration of this method is required. From Sect. 5.4 we can obtain convex quadratic
sufficient constraints on Y for bijectivity of the mapping ¢ (x, Y) on the form

YTAY +bTY +¢ > 0.

As the minimization of (5.45) is now no longer unconstrained the final step of
the original Gauss—Newton method is replaced by the quadratically constrained,
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quadratic program

min f(Yi) = f(Yi) + VS (Y0) (Y = Y0) +
+2Y =Y T H(Y)(Y - Yo)
s.t. YTAY +bTY + ¢ > 0.
The solution Y* of this optimization is taken as the next point in the iteration.
Each iteration of this modified Gauss—Newton method requires the computation

of r(Y) = [r1(Y)...rx(Y)]" and J(Y). This can be done very efficiently, using
(5.3) the mapping of all points in X can be written

or(x1,Y)

r(xx.Y)

1
[s(x)” 1 x11 x12 ] |:£21]

Fll
[sx)" 1 xa x| [le]
Hr x

HrxY. (5.47)

Since the N x2n matrix Hy y is not dependent of Y it can be precomputed, reducing
the computation of the mapping of X by ¢(Yy) to a single matrix multiplication.
This then allows for an efficient calculation of the deformed image. The Jacobian of
r(Y) is also needed.

Br,»

ad
Uy = 33~ = 57 (I(p(xi, ) = Ire) =

ad
= le(ﬁb(xi,Y)) =
ad a
= Ié(qﬁ(xi,Y))qul(x,»,Y) + I;(¢(XnY))W¢2(MY)- (5.48)
J J

Where I/ (x) and [ ; (x) are the horizontal and vertical components of the gradient of
I(x). Furthermore, since the mapping ¢r(x,Y) is linear in Y its partial derivatives
are all constant

o1(X,Y) = [91(X,Y) 02(X,Y)] = Hrx[Y| Y2] =
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= [HrxY: Hr xY2] =

9 (Hrx)ijn=z=j=1
. Y) = X )ij -] =
= 8Yj¢1(x ) %

0 j>n
0 ) _ HT,X
= oY, o1(xi,Y) = ([ 0 })U (5.49)
and similarly
0 0
aTj¢z(xi,Y) = (|:HT,X DU (5.50)

Equation (5.48) can be computed through componentwise multiplications of ele-
ments from 7, (¢(x;,Y)), 1;(#(x;,Y)) and Hr x Combining all of the above then
enables us to write the proposed algorithm as in Algorithm 1.

Algorithm 2 Algorithm for thin-plate spline based image registration

Input: Choose an starting point Y, for the algorithm. Either by employing some coarse search
method or by simply selecting Yy = T, the unit deformation.

1. For a given thin-plate spline source configuration T and a pair of images / and /,.s to be
compared at a finite number of positions X = {xi, ..., Xy} compute the following:
2. - The gradient of image /.

PN R
VI=(5-1 ayl)_[lx’ly]'

- The matrix Hr y from (5.47).

- The quadratic bijectivity constraints on Y for T, according to Sect. 5.4.
k=20

Repeat steps 7—-14 until convergence

Compute ¢¥(X, Y,) = Hrx Yy

Find 1(¢y(X. Yr)), 1(¢1(X, Yx)) and I($3(X, Y))

Calculate the residual 7, (Yy) = I(¢% (X, Yy)) — Irer

Use (5.48) to determine the Jacobian J(Yy)

Compute the gradient and the approximated Hessian of f(Y) of (5.42).

SO0V NN R W

—_—

Vf(Yx) = 2J(YK) ri(Yr)
H(Y) = J(Y) I (Ye)
12. Optimization. Find the solution Y* to the quadratically constrained quadratic program
min £ (Y),s.. YCAY +b7Y + ¢ > 0.
(remark: if bijectivity is not desired then Y* = Y4 of (5.46).)

13. Parameter update. SetY;4+; =Y andk =k + 1.
4. k=k+1
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5.5.2 Experimental Results

We applied the suggested registration algorithm on three different types of images.
First, a pair of simple, artificially constructed images. Second, two magnetic
resonance images of a human brain, the types of images in medical imaging where
image registration techniques are commonly applied. Finally, we attempted the
registration of a pair of images of human faces. In this case the initial assumption of
dense one-to-one mappings does not necessarily hold, as self-occlusion can easily
occur for these types of images. However, bijective registrations of natural objects
like faces is still of great interest, for instance in the automatic construction of the
Active Appearance Models of [2].

For these experiments a source configuration T as a regular rectangular 10 x 10
grid was used, see Fig.5.7. The quadratic constraint was pre-computed and used
in all three instances. The images used were roughly 100 x 100 pixels in size. The
results can be seen in Figs. 5.8, 5.9 and 5.10.

In these three experiments the algorithm converges to at least a satisfactory
registration of the image pairs. The artificial images are overlayed very accurately,
as would be expected. The images of the faces were also successfully registered,
differences are slight but distinguishable. It is believed that this is caused by
fundamental dissimilarities between the images, such as inconsistent lighting.
However, in the case of the two magnetic resonance images of a human brain
the registration process is not entirely successful. Some of the discernable features
does not seem to have been correctly aligned. It is assumed that this is caused by
a shortcoming inherent in the algorithm. Firstly, and this was briefly mentioned
earlier, some of the assumptions made by the Gauss-Newton method, on which
our approach is based, requires that the initial starting point of the algorithm
is sufficiently close to the global optima. What constitutes sufficiently close is

T

|

e

™

Source configuration T. Bijective deformation

Fig. 5.7 The source configuration used in the experiments and an example bijective deformation
of R?
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Resulting deformation ¢r. Resulting registration I(¢).

Fig. 5.8 Registration of a pair of simple artificial images

debatable but is a requirement for the method to converge to successfully. Secondly,
a 10x 10 grid thin-plate spline mapping can only parametrize a subset of all bijective
deformations of R? and in addition, since the bijectivity conditions of Sect. 5.4 are
sufficient but not necessary, we can only reach a subset of this set. This means
that our method is perhaps better suited for image registrations requiring smaller
deformations. Nevertheless, we do believe that the results presented here the still
indicates the applicability of such an algorithm.

5.6 AAAM

This section is concerned with groupwise image registration, the simultaneous
alignment of a large number of images. As opposed to pairwise registration the
choice of a reference image is not equally obvious, therefore an alternate approach
must be taken.

Groupwise registration has received equivalent amounts of attention from the
research community as pairwise registration. It has been especially addressed in
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Image 1.
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Resulting deformation ¢r. Resulting registration I(¢r).

Fig. 5.9 Registration of a pair of brain MR images

shape analysis under the name Procrustes analysis, [5]. The areas of application are
still remote sensing, medical imaging and computer vision, but now the aggregation
of images allows for a greater understanding of their underlying distribution.

The focus in this section is towards a specific task, the use of image registration
to automatically construct deformable models for image analysis.

5.6.1 Automatic Active Appearance Model Generation
Through Groupwise Image Registration

The outset in this section, that of automatic model construction, is approached by
attempting to extend the algorithm of the previous section to handle several images.
The method chosen for representing deformable models was the widely used Active
Appearance Model approach.

Owing to the resemblance between registration of shapes and of images, as for-
mulated here, many of the issues encountered in this section have been considered
by the shape analysis community [3] and a number of the ideas presented here are
influenced by existing shape matching techniques.
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Resulting deformation ¢. Resulting registration /(¢).

Fig. 5.10 Registration of a pair of images of faces

5.6.2 Active Appearance Models

Active Appearance Models (AAM) is a statistical method, introduced by Cootes
et al. [2], for interpreting images. From the shape and texture of objects of interest
in a number of images, compact models based on the distribution of these features
are formed.

The texture, or appearance of the objects are the gray-level image intensities and
their shape are usually represented by a finite number of points of correspondence
through the entire set of images.

Then, using principal component analysis, eigenspace representations of these
two descriptors are extracted. Depending on the application, the shape parameters
are generally pre-aligned to eliminate effects from translation, scaling and rotation.
By applying yet another principal component analysis, this time to the shape- and
appearance parameters combined, an even more concise model describing the joint
variability of the objects of interest is achieved. The resulting active appearance



5 On the Bijectivity of Thin-Plate Splines 131

model is a compact description of a deformable model based on prior knowledge of
the essential characteristics of the object at hand. Through image synthesis, that is
by fitting an AAM to unseen images, this approach can be used in a wide variety of
image analysis applications.

There is however one disadvantage to this method. The required correspondence
calls for manual annotation of landmarks across the entire set of training images.
A both tedious and exhausting undertaking. Here an alternative approach is sug-
gested, the automatic generation of Active appearance Models through groupwise
image registration.

5.6.3 Groupwise Image Registration

Consider a set of N images I, ..., Iy, a groupwise registration of this set implies
finding deformations 6;,...,0y, 6, : R*> — R? that maximizes the similarity
between the corresponding deformed images /,(61), . .., In (6n). Since registration

is carried out with Active Appearance Models in mind, similarity is defined as
to what degree an eigenspace method can represent the registered images. Using
the squared distance to the eigenspace as a measurement of how well one image
is represented by such a statistical model, the total dissimilarity between images
1,(6),..., In(0y) can be written

N
S0,...,0y) = Z(distance between image 1;(6;) and E)? =
=1

N
=Y Il = EENL,(6)| - (5.51)

=1

Here E is the M-dimensional orthogonal basis for a conventional eigenspace
representation. The columns of E are the eigenvectors corresponding to the M
largest eigenvalues of the covariance matrix of the statistical distribution of the
image vectors. As in the preceding section, comparison is made at a finite number
of locations in R?, the set of such locations is written as X = {xy,...,x,}. The
notation /;(x) is used to represent images both on matrix- and vector-form, the
intended form should be evident from the context.

Though this formulation of groupwise registration has the advantage of sim-
plicity, it is actually ill-posed. A global optima of (5.51) is achieved by mapping
X bijectively onto one and the same pixel in each image. As this results in zero
covariance between the deformed images S(0y, ..., fy) will be equal to zero. This
is also an issue in shape analysis and has been identified and addressed by [4,9, 13].
Here it is simply ignored, the assumption is that if the initial starting point of the
algorithm is sufficiently good the degenerate solution will not be attained but instead
the optimizer used will terminate in the desired local optima. This vagueness stems
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from the underlying problem itself. What constitutes as similar objects in images
is highly subjective. Hence, the formulation of a method for automatically finding
and aligning areas with similar appearance in a number of images will be equally
ambiguous.

With the given problem statement we can move on to the proposed method for
finding local minima to (5.51). A direct optimizing of this objective function is
impractical as this would involve a very large number of variables, N times the
number of parameters needed to describe each deformation 6. Instead an iterative
approach is proposed, by sequentially attending to each image individually, the
number of variables in each optimization step can be greatly reduced. That is the
repeated minimization of functions

p
S = I = EEDL@COIE = Y (7 = EENL@) . 6552

Jj=1

Using the thin-plate spline mapping to represent the mappings by, with the
notation of the previous section, §; = ¢1(x,Y;) along with the sum of squares
formulation of (5.52) allows for much of the algorithm of the previous section to be
adopted in groupwise image registration. The assertions made regarding bijective
deformation in pairwise image registration are still valid and are hence also applied
here. The residual for image / becomes

r(Y)) = (I — EET)I(¢(x,Y))). (5.53)

and the corresponding Jacobian

o 8"'11 _ _ T
(Ji(Y)))ij = o aYU (I — EE") L ((x:. Y1), =
I P .
- ((1 EE") - 11(¢(X1,Yz)))i N
Ji(Y;)) = (I — EET)J(Y)). (5.54)
Here
(Ji1(Y1)i; = WIZ(Qﬁ(XuYZ)) =
= 1, (xi, Y1) 53— ¢1(x,,Yz)+1,y(¢(x,,Yz)) ¢z(x,»,Yz).
(5.55)

Where I/ (x) and I/ (x) as the gradient of /;(x) and - 64” and - a¢2 defined as in
(5.49-5.50).
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By adhering to the least square formulation used in the previous section,
the algorithm for pairwise image registration can be readily extended to handle
groupwise registration as defined here. Neither does this extension make the
required computations significantly more demanding, resulting in an algorithm of
comparable computational complexity per iteration, see Algorithm 2.

Algorithm 3 Algorithm for thin-plate spline based groupwise image registration

Input: Choose starting points Y(l), .. .,Y(,)V for the algorithm. Compute the initial eigenspace
representation E° by finding the eigenvectors corresponding to the M largest eigenvalues of the
covariance matrix of

[11(@r(X, YD) - In(pr(X, YR)) |-

1. For a given thin-plate spline source configuration T and N images [, ..., Iy to be compared
at a finite number of positions X = {x,,...,x,} compute the following:
2. - The gradient of all images.

0 il P
VI, = (Ell’ @11) = [{]y, 1)
3. - The matrix Hy y from (5.47) of the previous section.
4. - The quadratic bijectivity constraints on Y for T, according to Sect. 5.4.
5. (Note that both Hy x and the bijectivity conditions are independent of which image they are

applied to.
6. Setk =0
7. Repeat steps 8—16 until convergence
8. for each image | from 1 to N do steps 9 to 14
9. Compute ¢r(X,YF) = Hp x Y¢
10. Find 7 (v (X, Y})), I/ (¢x(X. Y[)) and I}, (¢r (X, Y]))
11. Calculate the residual r; (Yll‘) = — E"EY) I (¢r (X, Y;‘))
12. Use (5.54) to determine the Jacobian J; (Yy)
13. Compute the gradient and the approximated Hessian of .S; (Yi‘) of (5.52)

VSI(Y)) = 2,(Y) ri(Y})

H(YS) = 7 (YO 7 (Y))

14. Optimization. Find the solution Y™ to the quadratically constrained quadratic program
min S (YY) + VS, (YO (Y - Y) +
1Y = YOI H (Y)Y - Y))
s.t. YIAY +b"Y 4+ ¢ >0

Parameter update. Set Yf‘“ =Y*

15. end of for loop

16. k = k + 1. Update the eigenspace representation. Compute E* from the covariance matrix
of [ 1i(@r(X, YD) ... In(¢r(X. Y})) ]

17. end of repeat loop




134 A.P. Erikson and K. Astrém

Groupwise image registration as used in this section is an off-line process, hence
even simple termination criteria will suffice.

5.6.4 Experimental Results

The proposed algorithm was tested on a set consisting of 400 portrait-style images
of male faces, see Fig.5.11. A thin-plate spline mapping with 100 control points,
evenly spaced on a regular square 10-by-10 grid, was used. As the faces were fairly
centered in the images, the initial deformations Y?, ... ngoo were all set to the
identity mapping, centered near the middle of the images, see Fig.5.12.

The dimension of the eigenspace representation was set to M = 30. A set of
1,600 points on a 40 x 40 grid were used as the set of locations for comparison X .

The algorithm described in the preceding section was applied to the set of images
at hand, with the above parameters. A termination criterion simply limiting the
number of iterations to 200 was used. The proposed method did converge and
sample results can be seen in Fig. 5.13.

These results are representative of the entire resulting groupwise registration and
do indicate the potential of the proposed approach. This can be further realized
by examining the evolution of the mean of the registered images after each
iteration, IX,,, = Zf‘il I;(¢p1(X*,Y))), see Fig. 5.14. Here the increased degree of
geometric alignment is clearly seen. To quantify the performance of this algorithm
further is difficult, since, as discussed earlier, what is meant by similarity within a set
of images is unclear so is the evaluation of groupwise image registration algorithms.

Fig. 5.12 Examples of the initial deformations Y?
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Fig. 5.14 The evolution of the mean image 1X,,,,

(k = 1,10,...,200)

Nevertheless, as the outset was the automatic construction of active appearance
models, an indication of the quality of the resulting registration could be achieved
by examining the performance of the models they produce.

Constructing active appearance models using the proposed approach is extremely
straightforward. The required distributions of shape and appearance are given
directly by the parameters of the thin-plate spline mappings Y, and the deformed
images I;(¢1(X, Y))).

Using the 400 aligned images an active appearance-like model was constructed.
In contrast to [2], here the shape and appearance representations were kept separated
in order to be able to ensure bijective deformations in the fitting process as well.
With F and E as the eigenspace basis for shape and appearance respectively. The
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deformation parameters Y for an individual mapping can be written as
Y = Fy. (5.56)

Since this constitutes a subset of .Q;' , new and hopefully improved bijectivity
conditions (A4, b and ¢) can be computed. Using the notation from the definition
of the registration algorithm the fitting of an active appearance model onto an image
I(x) is formulated as minimizing

14
S0) = It = EENI (X FyDIF = Y- (( = EENIGn(X. Fy))
=1
' (5.57)

under the condition of bijective deformations. This is solved by the repeated solution
of

min S(y*) + VS5 (y — y*) +
+1 = YOTHOS (v = ¥5)
s.t. YAy +bTy +¢>0

An example model-fitting procedure on an image not present in the set of registered
images is shown in Fig.5.15. Further examples of model adaptations are shown
in Figs.5.16 and 5.17. These images should be read as follows. The top left
images shows the original image with the boundary of the deformed points
superimposed. The resulting deformation can be seen at the top right image. The
middle row shows, to the left the deformed image I(¢7(X, Fy)) and to the right
its eigenspace representation EET I(¢r(X, Fy)). At the bottom left is the image
I(¢p7" (¢p1(X, Fy), Fy)), this adds the same interpolation errors introduced in the
fitting procedure to the original image as well. This makes the evaluation of the
quality of the resulting model fit more unprejudiced. Finally, the bottom right shows
the fitted active appearance model overlayed on the original image.

5.7 Conclusion

Even though this work does not provide a complete theory on the set of bijective
thin-plate spline mappings, it does contain a formulation of how to characterize this
set, as well as proofs of many of its properties. It also includes a discussion of some
experimentally derived indications of other attributes of this set, as well as methods
for finding sufficient conditions for bijectivity. Future work includes finding such
conditions analytically as well as attempting to further determine its convexity and
boundness properties.
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Fitting sequence.

Resulting fit.

Fig. 5.15 An example AAM-fitting. The current model superimposed onto the original after
number of different iterations of the proposed fitting algorithm

A method for performing pairwise registration of images has also been presented.
An algorithm, based on the thin-plate spline mapping, for efficiently finding the
necessary deformation is proposed. Experiments on three different types of images
with promising results were presented.

Improvements are still achievable. In order to overcome the drawback of the
Gauss—Newton method an initial stage to the algorithm should be added. One that
performs a larger-scale optimization, for instance over affine deformations only,
providing a better starting point for the thin-plate spline mapping optimization.
The number and distribution of the control points should also be investigated.
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Fig. 5.16 Example AAM fittings



5 On the Bijectivity of Thin-Plate Splines 139

SOE'FH

20 | ]

10 |
||J‘_‘J|I".,II

0

0 10 20 30

10 20 30

0
0 10 20 30

20 40 60 20 40 60 20 40 60 20 40 60

Fig. 5.17 Example AAM fittings
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More points parametrizes a larger subset of the bijective deformations. Obviously
improving the sufficient bijectivity constraints could also enhance the performance
of the algorithm. A different objective function than (5.42) might also improve on
our method. As the current similarity function, based directly on gray-level intensity,
can be overly sensitive to noise, using, for instance, the minimum description length
method of [4] might be preferable. Finally, a more efficient representation of the
matrix Hr x should be examined, as its size grows quadratically with the size of the
image even for moderately large images the matrix can become unmanageable.

Additionally, a method for carrying out non-linear geometric alignment of a
large number images, especially geared towards the automatic generation of Active
Appearance Models, has been proposed. By adhering to the sum of squares formu-
lation of the previous section much of the techniques used there could effortlessly
be extended to groupwise image registration. The suggested algorithm was tested
on a data set of faces and the results were presented. As the nature of the problem
is such that the evaluation of its performance is highly subjective, in addition to its
ill-posed problem statement. These issues should be addressed by adopting ideas
from shape analysis, where similar topics have been investigated. Nevertheless, as
the initial results are convincing the presented approach does show promise.
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Chapter 6
Statistical and Knowledge Supported
Visualization of Multivariate Data

Magnus Fontes

Abstract In the present work we have selected a collection of statistical and
mathematical tools useful for the exploration of multivariate data and we present
them in a form that is meant to be particularly accessible to a classically trained
mathematician. We give self contained and streamlined introductions to princi-
pal component analysis, multidimensional scaling and statistical hypothesis test-
ing. Within the presented mathematical framework we then propose a general
exploratory methodology for the investigation of real world high dimensional
datasets that builds on statistical and knowledge supported visualizations. We
exemplify the proposed methodology by applying it to several different genomewide
DNA-microarray datasets. The exploratory methodology should be seen as an
embryo that can be expanded and developed in many directions. As an example we
point out some recent promising advances in the theory for random matrices that, if
further developed, potentially could provide practically useful and theoretically well
founded estimations of information content in dimension reducing visualizations.
We hope that the present work can serve as an introduction to, and help to stimulate
more research within, the interesting and rapidly expanding field of data exploration.

6.1 Introduction

In the scientific exploration of some real world phenomena a lack of detailed
knowledge about governing first principles makes it hard to construct well-founded
mathematical models for describing and understanding observations. In order to
gain some preliminary understanding of involved mechanisms and to be able to
make some reasonable predictions we then often have to recur to purely statistical
models. Sometimes though, a stand alone and very general statistical approach fails
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to exploit the full exploratory potential for a given dataset. In particular a general
statistical model a priori often does not incorporate all the accumulated field-specific
expert knowledge that might exist concerning a dataset under consideration. In the
present work we argue for the use of a set of statistical and knowledge supported
visualizations as the backbone of the exploration of high dimensional multivariate
datasets that are otherwise hard to model and analyze. The exploratory methodology
we propose is generic but we exemplify it by applying it to several different datasets
coming from the field of molecular biology. Our choice of example application field
is in principle anyhow only meant to be reflected in the list of references where we
have consciously striven to give references that should be particularly useful and
relevant for researchers interested in bioinformatics. The generic case we have in
mind is that we are given a set of observations of several different variables that
presumably have some interrelations that we want to uncover. There exist many rich
real world sources giving rise to interesting examples of such datasets within the
fields of e.g. finance, astronomy, meteorology or life science and the reader should
without difficulty be able to pick a favorite example to bear in mind.

We will use separate but synchronized Principle Component Analysis (PCA)
plots of both variables and samples to visualize datasets. The use of separate but
synchronized PCA-biplots that we argue for is not standard and we claim that it
is particularly advantageous, compared to using traditional PCA-biplots, when the
datasets under investigation are high dimensionsional. A traditional PCA-biplot
depicts both the variables and the samples in the same plot and if the dataset
under consideration is high dimensional such a joint variable/sample plot can
easily become overloaded and hard to interpret. In the present work we give a
presentation of the linear algebra of PCA accentuating the natural inherent duality of
the underlying singular value decomposition. In addition we point out how the basic
algorithms easily can be adapted to produce nonlinear versions of PCA, so called
multidimensional scaling, and we illustrate how these different versions of PCA
can reveal relevant structure in high dimensional and complex real world datasets.
Whether an observed structure is relevant or not will be judged by knowledge
supported and statistical evaluations.

Many present day datasets, coming from the application fields mentioned above,
share the statistically challenging peculiarity that the number of measured variables
(p) can be very large (10* < p <10'%), while at the same time the number of
observations (N) sometimes can be considerably smaller (10! < N < 10%). In fact
all our example datasets will share this so called “large p small N characteristic
and our exploratory scheme, in particular the statistical evaluation, is well adapted
to cover also this situation. In traditional statistics one usually is presented with
the reverse situation, i.e. “large N small p”, and if one tries to apply traditional
statistical methods to “large p small N~ datasets one sometimes runs into diffi-
culties. To begin with, in the applications we have in mind here, the underlying
probability distributions are often unknown and then, if the number of observations
is relatively small, they are consequently hard to estimate. This makes robustness of
employed statistical methods a key issue. Even in cases when we assume that we
know the underlying probability distributions or when we use very robust statistical
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methods the “large p small N case presents difficulties. One focus of statistical
research during the last few decades has in fact been driven by these “large p
small N” datasets and the possibility for fast implementations of statistical and
mathematical algorithms. An important example of these new trends in statistics
is multiple hypothesis testing on a huge number of variables. High dimensional
multiple hypothesis testing has stimulated the creation of new statistical tools such
as the replacement of the standard concept of p-value in hypothesis testing with
the corresponding g-value connected with the notion of false discovery rate, see
[12, 13,47, 48] for the seminal ideas. As a remark we point out that multivariate
statistical analogues of classical univariate statistical tests sometimes can perform
better in multiple hypothesis testing, but then a relatively small number of samples
normally makes it necessary to first reduce the dimensionality of the data, for
instance by using PCA, in order to be able to apply the multivariate tests, see e.g.
[14,31,32] for ideas in this direction. In the present work we give an overview and
an introduction to the above mentioned statistical notions.

The present work is in general meant to be one introduction to, and help to
stimulate more research within, the field of data exploration. We also hope to
convince the reader that statistical and knowledge supported visualization already
is a versatile and powerful tool for the exploration of high dimensional real world
datasets. Finally, “Knowledge supported” should here be interpreted as “any use of
some extra information concerning a given dataset that the researcher might possess,
have access to or gain during the exploration” when analyzing the visualization. We
illustrate this knowledge supported approach by using knowledge based annotations
coming with our example datasets. We also briefly comment on how to use
information collected from available databases to evaluate or preselect groups of
significant variables, see e.g. [11,16,30,41] for some more far reaching suggestions
in this direction.

6.2 Singular Value Decomposition and Principal
Component Analysis

Singular value decomposition (SVD) was discovered independently by several
mathematicians towards the end of the nineteenth century. See [46] for an account
of the early history of SVD. Principal component analysis (PCA) for data analysis
was then introduced by Pearson [24] in 1901 and independently later developed by
Hotelling [23]. The central idea in classical PCA is to use an SVD on the column
averaged sample matrix to reduce the dimensionality in the data set while retaining
as much variance as possible. PCA is also closely related to the Karhunen-Lo¢ve
expansion (KLE) of a stochastic process [28, 33]. The KLE of a given centered
stochastic process is an orthonormal L?-expansion of the process with coefficients
that are uncorrelated random variables. PCA corresponds to the empirical or sample
version of the KLE, i.e. when the expansion is inferred from samples. Noteworthy
here is the Karhunen-Loéve theorem stating that if the underlying process is
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Gaussian, then the coefficients in the KLE will be independent and normally
distributed. This is e.g. the basis for showing results concerning the optimality of
KLE for filtering out Gaussian white noise.

PCA was proposed as a method to analyze genomewide expression data by Alter
et al. [1] and has since then become a standard tool in the field. Supervised PCA was
suggested by Bair et al. as a regression and prediction method for genomewide data
[8,9, 17]. Supervised PCA is similar to normal PCA, the only difference being that
the researcher preconditions the data by using some kind of external information.
This external information can come from e.g. a regression analysis with respect to
some response variable or from some knowledge based considerations. We will here
give an introduction to SVD and PCA that focus on visualization and the notion of
using separate but synchronized biplots, i.e. plots of both samples and variables.
Biplots displaying samples and variables in the same usually twodimensional
diagram have been used frequently in many different types of applications, see e.g.
[15,20-22] but the use of separate but synchronized biplots that we present is not
standard. We finally describe the method of multidimensional scaling which builds
on standard PCA, but we start by describing SVD for linear operators between finite
dimensional euclidean spaces with a special focus on duality.

6.2.1 Dual Singular Value Decomposition

Singular value decomposition is a decomposition of a linear mapping between
euclidean spaces. We will discuss the finite dimensional case and we consider a
given linear mapping L : RY — R?.

Let e, e;,...,ex be the canonical basis in RV and let fy,f5, ... ,fp be the
canonical basis in R”. We regard RY and R” as euclidean spaces equipped with
their respective canonical scalar products, (-, -)gv and (-, -)rr, in which the canonical
bases are orthonormal.

Let L* : RP — R" denote the adjoint operator of L defined by

(L(w),V)rr = (0, L*(V))gy  ;ueRY; veR”. (6.1)

Observe that in applications L(ex), k = 1,2,..., N, normally represent the
arrays of observed variable values for the different samples and that L*(f;), j =
1,2,..., p, then represent the observed values of the variables. In our example data
sets, the unique p x N matrix X representing L in the canonical bases, i.e.

Xij(fi,L(ek))Rp ;j=1,2,...,p;k=1,2,...,N,

contains measurements for all variables in all samples. The transposed N X p matrix
XT contains the same information and represents the linear mapping L* in the
canonical bases.

The goal of a dual SVD is to find orthonormal bases in RV and R? such that the
matrices representing the linear operators L and L* have particularly simple forms.
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We start by noting that directly from (6.1) we get the following direct sum
decompositions into orthogonal subspaces

RY = KerL & ImL*
(where Ker L denotes the kernel of L and Im L* denotes the image of L*) and
R? =ImL @ Ker L* .

We will now make a further dual decomposition of Im L and Im L*.

Let r denote the rank of L : RY — R?,ie.r = dim(Im L) = dim (Im L*).
The rank of the positive and selfadjoint operator L* o L : RY — R¥ is then also
equal to r, and by the spectral theorem there exist values A > A, > --- > 4, >0

and corresponding orthonormal vectors ul,u?, ... u", withu¥ € RY , such that

L*oL(u*) =2u* ; k=1,2,...,r. (6.2)
If r < N,i.e.dim(Ker L) > 0, then zero is also an eigenvalue for L* o L : RY —

R" with multiplicity N — r.
Using the orthonormal set of eigenvectors {u',u?, ..., u"} for L* o L spanning

Im L*, we define a corresponding set of dual vectors vivZ ... . v'inR? by
L) = \vE s k=1,2,....r. (6.3)
From (6.2) it follows that
L*V =10 ck=1,2,....r (6.4)
and that
LoL*W) =A* ; k=1,2,...,r. (6.5)
The set of vectors {v!, v?, ..., v"} defined by (6.3) spans Im L and is an orthonormal

set of eigenvectors for the selfadjoint operator L o L* : R? —> R?”. We thus
have a completely dual setup and canonical decompositions of both RV and R”
into direct sums of subspaces spanned by eigenvectors corresponding to the distinct
eigenvalues. We make the following definition.

Definition 6.1. A dual singular value decomposition system for an operator pair
(L, L*) is a system consisting of numbers A; > A, > --- > A, > 0 and two sets
of orthonormal vectors, {ul, u?, ... ,u"} and {Vl, v ... , V') with r = rank (L) =
rank (L*), satisfying (6.2)—(6.5) above.

The positive values A1, A5, ..., A, are called the singular values of (L, L*). We

will call the vectors u!, 2, ..., u" principal components for /m L* and the vectors

vivZ ..V principal components for /m L.
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Given a dual SVD system we now complement the principal components for /m L*,
u',u?, ..., u", to an orthonormal basis u',u? ..., uN in RY and the principal
components for /m L, v!,v*, ..., V", to an orthonormal basis v!,v?, ..., v? in R”.

In these bases we have that

Aijk ifj,k <r

(W, LW*)ry = (L*(V), u¥)gy = (6.6)

0 otherwise .

This means that in these ON-bases L : RY — R? is represented by the diagonal
p x N matrix

DO
[0 0} 67
where D is the r x r diagonal matrix having the singular values of (L, L*) in
descending order on the diagonal. The adjoint operator L* is represented in the
same bases by the transposed matrix, i.e. a diagonal N X p matrix.

We translate this to operations on the corresponding matrices as follows. Let U
denote the N x r matrix having the coordinates, in the canonical basis in RN, for
ul, u?, ... u" as columns, and let V denote the p x r matrix having the coordinates,

in the canonical basis in RP, for v, v2, ... v" as columns. Then (6.6) is equivalent to
X =vDU" and XT =UDV'.

This is called a dual singular value decomposition for the pair of matrices (X, X 7).

Notice that the singular values and the corresponding separate eigenspaces for
L* o L as described above are canonical, but that the set {ul, w, ... ,u"} (and thus
also the connected set {Vl, v2, ..., v'}) is not canonically defined by L* o L. This
set is only canonically defined up to actions of the appropriate orthogonal groups on
the separate eigenspaces.

6.2.2 Dual Principal Component Analysis

We will now discuss how to use a dual SVD system to obtain optimal approxima-
tions of a given operator L : R¥ — RP by operators of lower rank. If our goal
is to visualize the data, then it is natural to measure the approximation error using
a unitarily invariant norm, i.e. a norm || - || that is invariant with respect to unitary
transformations on the variables or on the samples, i.e.

IL| =lVoLoU| forallVandU st. V*V =Ildand U*U =1d. (6.8)

Using an SVD, directly from (6.8) we conclude that such a norm is necessarily
a symmetric function of the singular values of the operator. We will present
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results for the L?—norm of the singular values, but the results concerning optimal
approximations are actually valid with respect to any unitarily invariant norm, see
e.g. [34] and [39] for information in this direction. We omit proofs, but all the results
in this section are proved using SVDs for the involved operators.

The Frobenius (or Hilbert-Schmidt) norm for an operator L : RY — RP of
rank 7 is defined by

, 1/2
IL]|F = {in} :
k=1

where Ay, k = 1,2,...,r are the singular values of (L, L*).
Now let .4, x, denote the set of real n x n matrices. We then define the set of
orthogonal projections in R” of rank s < n as

Pl =l € Myxn; I* =11 ; [Toll =11 ; rank(IT) = s}.

One important thing about orthogonal projections is that they never increase the
Frobenius norm, i.e.

Lemma 6.1. Let L : RN — R? be a given linear operator. Then
[IToLlr=|LlF forallll € 2?

and
ILoM|r <|Ll|r forall Il e 2N .

Using this Lemma one can prove the following approximation theorems.

Theorem 6.1. Let L : RN — R? be a given linear operator. Then

sup [77 o Lo |p = sup [[TolL|r=
nre! ; nNeslN ne?!
min(s,r) 12
= sup [LoM|r=1{ Y XA (6.9)
nezy k=1

and equality is attained in (6.9) by projecting onto the min(s,r) first principal
components for Im L and Im L*.

Theorem 6.2. Let L : RY — R? be a given linear operator. Then

inf |L—ITPoLol"||p= inf |[L—ITolL|r=
nrezl ; N ey Hea!
max(s,r) 12
— _ — 2
- ng% IL=Lolll|f= )Y (6.10)

k=min(s,r)+1
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and equality is attained in (6.10) by projecting onto the min(s, r) first principal
components for Im L and Im L*.

We loosely state these results as follows.

6.2.2.1 Projection Dictum
Projecting onto a set of first principal components maximizes average projected
vector length and also minimizes average projection error.

We will briefly discuss interpretation for applications. In fact in applications the
representation of our linear mapping L normally has a specific interpretation in the

original canonical bases. Assume that L(ex), k = 1,2,..., N represent samples
and that L* (f5), j = 1,2, ..., p represents variables. To begin with, if the samples

are centered, i.e.
N
Y L(e) =0,
k=1

then ||L||% corresponds to the statistical variance of the sample set. The basic
projection dictum can thus be restated for sample-centered data as follows.

6.2.2.2 Projection Dictum for Sample-Centered Data
Projecting onto a set of first principal components maximizes the variance in the set

of projected data points and also minimizes average projection error.
In applications we are also interested in keeping track of the value

X = (. L(ew). (6.11)

It represents the jth variable’s value in the kth sample.
Computing in a dual SVD system for (L, L*) in (6.11) we get

Xk = Ai(ex, u') (£, v + - + A (e, u) (£, V) . (6.12)
Now using (6.3) and (6.4) we conclude that
Xt = e LG L) oo+ e L6 6, L),
Finally this implies the fundamental biplot formula
Xjk = %I(L(ek),vl)(L*(fj),ul) R %(L(ek),vr)(L*(fj),ur)- (6.13)

We now introduce the following scalar product in R”
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1 1
(a,b)y .= —a1by+---+ —ab, ; a,beR".
Al Ar

Equation (6.13) thus means that if we express the sample vectors in the basis
vl v2, ..., v" for Im L and the variable vectors in the basis u!,u?,...,u" for
I'm L*, then we get the value of X j; simply by taking the (-, -);-scalar product in
R’ between the coordinate sequence for the kth sample and the coordinate sequence
for the jth variable.

This means that if we work in a synchronized way in R” with the coordinates for

the samples (with respect to the basis vl v2, ..., v") and with the coordinates for the

variables (with respect to the basis u', u?, ..., u") then the relative positions of the
coordinate sequence for a variable and the coordinate sequence for a sample in R”
have a very precise meaning given by (6.13).

Now let S C {1,2,...,r} be a subset of indices and let | S| denote the number
of elements in S. Then let IT g : R? — R? be the orthogonal projection onto the
subspace spanned by the principal components for /m L whose indices belong to S'.
In the same way let [TY : RY —R" be the orthogonal projection onto the subspace
spanned by the principal components for /m L* whose indices belong to S.

If L(ex), k = 1,2,..., N, represent samples, we will say that IT7 o L(ey),
k = 1,2,...,N, represent S-approximative samples, and correspondingly if
L*(f), j = 1,2,..., p, represent variables then [T o L*(f}), j = 1,2,....p,
represent S-approximative variables.

We will interpret the matrix element

X3 = (. 11 o L(ey)) (6.14)

as representing the jth S-approximative variable’s value in the kth S-approximative
sample.
By the biplot formula (6.13) for the operator IT§ o L we actually have

1
X =D 7 (Lie). V™) (L™ (f).u™). (6.15)
mes M

If |S| < 3 we can visualize our approximative samples and approximative
variables working in a synchronized way in RIS with the coordinates for the
approximative samples and with the coordinates for the approximative variables.
The relative positions of the coordinate sequence for an approximative variable and
the coordinate sequence for an approximative sample in RIS then have the very
precise meaning given by (6.15).

Naturally the information content of a biplot visualization depends in a crucial
way on the approximation error we make. The following result gives the basic error
estimates.
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Theorem 6.3. With notations as above we have the following projection error
estimates

p N
DO X = X5 =DM (6.16)
j=lk=1 i¢s
sup | Xjk — X | < sup|A;]. (6.17)
J=lp k=1 N i¢s

We will use the following statistics for measuring projection content:

Definition 6.2. With notations as above, the L2-projection content connected with
the subset S is by definition

>i=t Ail?

We note that, in the case when we have sample centered data, o> (S) is precisely the
quotient between the amount of variance that we have “captured” in our projection
and the total variance. In particular if a;(S) =1 then we have captured all the
variance. Theorem 6.3 shows that we would like to have good control of the
distributions of eigenvalues for general covariance matrices. We will address this
issue for random matrices below, but we already here point out that we will estimate
projection information content, or the signal to noise ratio, in a projection of real
world data by comparing the observed L2-projection content and the L2-projection
contents for corresponding randomized data.

a(S) =

6.2.3 Nonlinear PCA and Multidimensional Scaling

We begin our presentation of multidimensional scaling by looking at the reconstruc-
tion problem, i.e. how to reconstruct a dataset given only a proposed covariance or
distance matrix. In the case of a covariance matrix, the basic idea is to try to factor a
corresponding sample centered SVD or slightly rephrased by taking the square root
of the covariance matrix.

Once we have established a reconstruction scheme we note that we can apply it
to any proposed “covariance” or “distance” matrix, as long as they have the correct
structure, even if they are artificial and a priori are not constructed using euclidean
transformations on an existing data matrix. This opens up the possibility for using
“any type” of similarity measures between samples or variables to construct artificial
covariance or distance matrices.

We consider a p x N matrix X where the N columns {xy, ..., XN} consist of
values of measurements for N samples of p variables. We will throughout this
section assume that p > N. We introduce the N x 1 vector
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1=[1,1,....1]7,

and we recall that the N x N covariance matrix of the data matrix X = [xg, ..., Xn]
is given as

1 1
C(xq,....xn) = (X— =X11")"X - —=X117).
(a1 xy) = (X = X117 (X = —X117)
We will also need the (squared) distance matrix defined by
Djk(Xl,...,XN)ZZ |Xj—Xk|2 5 j,k=1,2,...,N.

We will now consider the problem of reconstructing a data matrix X given only
the corresponding covariance matrix or the corresponding distance matrix. We first
note that since the covariance and the distance matrix of a data matrix X both
are invariant under euclidean transformations in R” of the columns of X, it will,
if at all, only be possible to reconstruct the p x N matrix X modulo euclidean
transformations in RP of its columns.

We next note that the matrices C and D are connected. In fact we have

Proposition 6.1. Given data points X1,X3,...,xXN in R? and the corresponding
covariance and distance matrices, C and D, we have that

Dy =Cj; +Cp —2Cj . (6.18)
Furthermore
1 & 1 .
Cii = 7 ,;(D” +Dik) = 5Dk = s i;] Di (6.19)
or in matrixnotation,
Cz—l(l—E)D(l—E). (6.20)
2 N N
Proof. Let
| N
Vi =x,—ﬁj;xj ;i=1,2,...,N
Note that

Cjk =y;yx and Dy =y;—yil*.

and that Z;L] yj = 0.
Equality (6.18) above is simply the polarity condition

D = lyj|* + lyk|* —2Cj . (6.21)
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Moreover, since

N N
Y Cix=0 and Y Cy =0,
k=1

Jj=1

by summing over both j and k in (6.21) above we get
dDlviP=sc ) Dy (6.22)
On the other hand, by summing only over j in (6.21) we get
N N
> Dy =Niwl*+ ) lvil>. (6.23)
j=1 j=1

Combining (6.22) and (6.23) we get

N

N
1 1
vkl = N ZD./k Ry Z Djp .
Jj=1 Jk=1

Plugging this into (6.21) we finally conclude that
1O .
D, = N Z(Dij + Djr) — N2 Z D;; —2Cjy .

i=1 ij=1

This is (6.19). O

Now let .#Zyxn denote the set of all real N x N matrices. To reconstructa p x N
data matrix X = [xq,...,xn] from a given N x N covariance or N x N distance
matrix amounts to invert the mappings:

@ R x---xR” 2> (x1,X2,...,XN) = C(X1,X2,...,XN) € A NxN,
and
ViR x---xR?” 3 (x1,X3,...,XN) = D(X1,X2,...,XN) € A NxN -

In general it is of course impossible to invert these mappings since both @ and ¥
are far from surjectivity and injectivity.

Concerning injectivity, it is clear that both @ and ¥ are invariant under the
euclidean group E(p) acting on R” x --- x R”, i.e. under transformations

(Xl,Xz,...,XN)I—> (SX1+b,SX2+b,...,SXn+b),

where b € R? and S € O(p).



6 Statistical and Knowledge Supported Visualization of Multivariate Data 155

This makes it natural to introduce the quotient manifold
(R” x---xRP)/E(p)

and possible to define the induced mappings @ and ¥, well defined on the
equivalence classes and factoring the mappings ¢ and ¥ by the quotient mapping.
We will write

@ : ([x1,X2,...,xXN]) = C(x1,X2,...,XN)

and o
v ([Xl,Xz, . ,XN]) = D(Xl,Xz, . ,XN) .

We shall show below that both @ and ¥ are injective.

Concerning surjectivity of the maps @ and ¥, or @ and ¥, we will first describe
the image of @. Since the images of @ and ¥ are connected through Proposition
6.1 above this implicitly describes the image also for V. It is theoretically important
that both these image sets turn out to be closed and convex subsets of .Zyxy. In
fact we claim that the following set is the image set of &:

Pyxn ={A€Myxn: AT =4, A>0, A1=0}.

To begin with it is clear that the image of @ is equal to the image of @ and that it is
included in Pyxy, i.e.

(Rp X ---Rp)/E(p) > ([Xl,Xz, e ,XN]) = C(X],Xz, . ,XN) € PNxN .
The following proposition implies that Zyyy is the image set of @ and it is the

main result of this subsection.

Proposition 6.2. The mapping ®:
(R? x---xR?”)/E(p) o (X1, X2,...,XN]) = C(X1,X2,...,XN) € Prxpy

is a bijection.

Proof. If A € Pnxn we can, by the spectral theorem, find a unique symmetric and
positive N x N matrix B = [by, bs, ..., by] (the square root of A) with rank(B) =
rank(A) such that B> = Aand B1 = 0. O

We now map the points (b, b,...,by) in RY isometrically to points (X, X2,
...,Xy) in R?. This is trivially possible since p > N. The corresponding
covariance matrix C(xj,...,Xy) will be equal to A. This proves surjectivity. That
the mapping @ is injective follows directly from the following lemma.

Lemma 6.2. Let {yk},/c\;1 and {y },iv=1 be two sets of vectors in R?. If

yly, =¥y, forjk=12.....N,



156 M. Fontes

then there exists an S € O(p) such that
S(yk) =¥« fork=1,2,...,N.

Proof. Use the Gram—Schmidt orthogonalization procedure on both sets at the same
time. O

We will in our explorations of high dimensional real world datasets below
use “artificial” distance matrices constructed from geodesic distances on carefully
created graphs connecting the samples or the variables. These distance matrices are
converted to unique corresponding covariance matrices which in turn, as described
above, give rise to canonical elements in (R” x---xR?)/ E(p). We then pick sample
centered representatives on which we perform PCA. In this way we can visualize
low dimensional “approximative graph distances” in the dataset. Using graphs
in the sample set constructed from a k nearest neighbors or a locally euclidean
approximation procedure, this approach corresponds to the ISOMAP algorithm
introduced by Tenenbaum et al. [S1]. The ISOMAP algorithm can as we will see
below be very useful in the exploration of DNA microarray data, see Nilsson et al.
[37] for one of the first applications of ISOMAP in this field.

We finally remark that if a proposed artificial distance or covariance matrix does
not have the correct structure, i.e. if for example a proposed covariance matrix does
not belong to Zy«x, we begin by projecting the proposed covariance matrix onto
the unique nearest point in the closed and convex set #yxy and then apply the
scheme presented above to that point.

6.3 The Basic Statistical Framework

We will here fix some notation and for the non-statistician reader’s convenience at
the same time recapitulate some standard multivariate statistical theory. In particular
we want to stress some basic facts concerning robustness of statistical testing.

Let . be the sample space consisting of all possible samples (in our example
datasets equal to all trials of patients) equipped with a probability measure P :
27 — [0, 4+o0] and let X = (X1,..., Xp)T be a random vector from . into RP.
The coordinate functions X; : ¥ — R,i = 1,2,..., p are random variables and
in our example datasets they represent the expression levels of the different genes.

We will be interested in the law of X, i.e. the induced probability measure
P(X7'(-)) defined on the measurable subsets of RP. If it is absolutely continuous
with respect to Lebesgue measure then there exists a probability density function
(pdf) fx(-) : RP — [0, 0o) that belongs to .Z’! (R”) and satisfies

P(se; X(s) e A}) = / fx(x)dx (6.24)
A
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for all events (i.e. all Lebesgue measurable subsets) A C RP. This means that the
pdf fx(-) contains all necessary information in order to compute the probability that
an event has occurred, i.e. that the values of X belong to a certain given set A C RP.

All statistical inference procedures are concerned with trying to learn as much as
possible about an at least partly unknown induced probability measure P (X ~!(-))
from a given set of N observations, {x!,x2,... ,xN} (with X’ € R? fori =
1,2,..., N), of the underlying random vector X .

Often we then assume that we know something about the structure of the
corresponding pdf fy (-) and we try to make statistical inferences about the detailed
form of the function fy (-).

The most important probability distribution in multivariate statistics is the
multivariate normal distribution. In RP it is given by the p-variate pdf n : RP —
(0, o0) where

n(x) = Qr) PR 2em 2 T o) e R (6.25)
It is characterized by the symmetric and positive definite p x p matrix I" and the
p-column vector u, and |I"| stands for the absolute value of the determinant of I".
If a random vector X : . —> RP has the p-variate normal pdf (6.25) we say that

X has the N(u, I") distribution. If X has the N(u, I") distribution then the expected
value of X is equal to  i.e.

EX) = / X(s)dP = pu, (6.26)
%
and the covariance matrix of X is equalto I', i.e.
E(X) = /(X —EXNX -EX)TdP =T. (6.27)
s

Assume now that X! X2, ... X" are given independent and identically dis-
tributed (i.i.d.) random vectors. A fest statistic 7 is then by definition a function
(Xl, X2,..., XN) = y(Xl, X2,..., XN). Two important test statistics are the
sample mean vector of a sample of size N

and the sample covariance matrix of a sample of size N

N
sV .= ﬁ X - -X)".

i=1



158 M. Fontes

If X', X2, ..., X" are independent and N(t, I") distributed, then the mean x"
has the N(pu, %F ) distribution. In fact this result is asymptotically robust with
respect to the underlying distribution. This is a consequence of the well known and
celebrated central limit theorem:

Theorem 6.4. If the random p vectors X L X2 X3 ... are independent and
identically distributed with means i € RP and covariance matrices I', then the

limiting distribution of
—N
(N)'/? (X - u)

as N — 00 is N(0, I').

The central limit theorem tells us that, if we know nothing and still need to assume
some structure on the underlying p.d.f., then asymptotically the N(u, I") distri-
bution is the only reasonable assumption. The distributions of different statistics
are of course more or less sensitive to the underlying distribution. In particular the
standard univariate Student t-statistic, used to draw inferences about a univariate
sample mean, is very robust with respect to the underlying probability distribution.
In for example the study on statistical robustness [40] the authors conclude that:

...the two-sample t-test is so robust that it can be recommended in nearly all applications.

This is in contrast with many statistics connected with the sample covariance
matrix. A central example in multivariate analysis is the set of eigenvalues of the
sample covariance matrix. These statistics have a more complicated behavior. First
ofall,if X!, X2, ..., X" with values in R? are independent and N(u, ) distributed
then the sample covariance matrix is said to have a Wishart distribution W, (N, I").
If N > p the Wishart distribution is absolutely continuous with respect to Lebesgue
measure and the probability density function is explicitly known, see e.g. Theorem
7.2.2.in [3]. If N > p then the eigenvalues of the sample covariance matrix are
good estimators for the corresponding eigenvalues of the underlying covariance
matrix I, see [2] and [3]. In the applications we have in mind we often have the
reverse situation, i.e. p >> N, and then the eigenvalues for the sample covariance
matrix are far from consistent estimators for the corresponding eigenvalues of the
underlying covariance matrix. In fact if the underlying covariance matrix is the
identity matrix it is known (under certain growth conditions on the underlying
distribution) that if we let p dependon N andif p/N — y € (0,00) as N —> o0,
then the largest eigenvalue for the sample covariance matrix tends to (1 + ﬁ)z, see
e.g. [54], and not to 1 as one maybe could have expected. This result is interesting
and can be useful, but there are many open questions concerning the asymptotic
theory for the “large p, large N case”, in particular if we go beyond the case of
normally distributed data, see e.g. [7, 18, 25, 26] and [29] for an overview of the
current state of the art. To estimate the information content or signal to noise ratio
in our PCA plots we will therefore rely mainly on randomization tests and not on the
(not well enough developed) asymptotic theory for the distributions of eigenvalues
of random matrices.
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6.4 Controlling the False Discovery Rate

When we perform for example a Student t-test to estimate whether or not two groups
of samples have the same mean value for a specific variable we are performing a
hypothesis test. When we do the same thing for a large number of variables at the
same time we are testing one hypothesis for each and every variable. It is often the
case in the applications we have in mind that tens of thousands of features are tested
at the same time against some null hypothesis Hy, e.g. that the mean values in two
given groups are identical. To account for this multiple hypotheses testing, several
methods have been proposed, see e.g. [53] for an overview and comparison of some
existing methods. We will give a brief review of some basic notions.

Following the seminal paper by Benjamini and Hochberg [12], we introduce
the following notation. We consider the problem of testing m null hypotheses H)
against the alternative hypothesis H;. We let m( denote the number of true nulls.
We then let R denote the total number of rejections, which we will call the total
number of statistical discoveries, and let IV denote the number of false rejections. In
addition we introduce stochastic variables U and T according to Table 6.1.

The false discovery rate was loosely defined by Benjamini and Hochberg as the
expected value £ (%). More precisely the false discovery rate is defined as

FDR := E(% |R>0)P(R>0). (6.28)

The false discovery rate measures the proportion of Type I errors among the
statistical discoveries. Analogously we define corresponding statistics according to
Table 6.2. We note that the FNDR is precisely the proportion of Type II errors
among the accepted null hypotheses, i.e. the non-discoveries. In the datasets that
we encounter within bioinformatics we often suspect m; << m and so if R, which
we can observe, is relatively small, then the FNDR is controlled at a low level.
As pointed out in [38], apart from the FDR which measures the proportion of false
positive discoveries, we usually are interested in also controlling the FNR, i.e. we do
not want to miss too many true statistical discoveries. We will address this by using
visualization and knowledge based evaluation to support the statistical analysis.

In our exploration scheme presented in the next section we will use the step down
procedure on the entire list of p-values for the statistical test under consideration
suggested by Benjamini and Hochberg in [12] to control the FDR. We will also
use the g-value, computable for each separate variable, introduced by Storey, see
[47] and [48]. The g-value in our analyses is defined as the lowest FDR for
which the particular hypothesis under consideration would be accepted under the

Table 6.1 Test statistics

Accept Hy Reject Hy Total
H true U v m
H, true T S m

m— R R m
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Table 6.2 Statistical

: Expected value Name
discovery rates -
E(V/R) False discovery rate (FDR)
E(T/(m— R)) False negative discovery rate (FNDR)
E(T/(T +S)) False negative rate (FNR)
EV/U+YV)) False positive rate (FPR)

Benjami—Hochberg step down procedure. A practical and reasonable threshold level
for the g-value to be informative that we will use is ¢ < 0.2.

6.5 The Basic Exploration Scheme

We will look for significant signals in our data set in order to use them e.g. as a basis
for variable selection, sample classification and clustering.

If there are enough samples one should first of all randomly partition the set
of samples into a training set and a festing set, perform the analysis with the
training set and then validate findings using the testing set. This should then ideally
be repeated several times with different partitions. With very few samples this is
not always feasible and then, in addition to statistical measures, one is left with
using knowledge based evaluation. One should then remember that the ultimate
goal of the entire exploration is to add pieces of new knowledge to an already
existing knowledge structure. To facilitate knowledge based evaluation, the entire
exploration scheme is throughout guided by visualization using PCA biplots.

When looking for significant signals in the data, one overall rule that we
follow is:

* Detect and then remove the strongest present signal.

Detect a signal can e.g. mean to find a sample cluster and a connected list of
variables that discriminate the cluster. We can then for example (re)classify the
sample cluster in order to use the new classification to perform more statistical
tests. After some statistical validation we then often remove a detected signal,
e.g. a sample cluster, in order to avoid that a strong signal obscures a weaker but
still detectable signal in the data. Sometimes it is of course convenient to add the
strong signal again at a later stage in order to use it as a reference.

We must constantly be aware of the possibility of outliers or artifacts in our data
and so we must:

* Detect and remove possible artifacts or outliers.

An artifact is by definition a detectable signal that is unrelated to the basic mech-
anisms that we are exploring. An artifact can e.g. be created by different
experimental setups, resulting in a signal in the data that represents different
experimental conditions. Normally if we detect a suspected artifact we want to, as
far as possible, eliminate the influence of the suspected artifact on our data. When
we do this we must be aware that we normally reduce the degrees of freedom in
our data. The most common case is to eliminate a single nominal factor resulting
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in a splitting of our data in subgroups. In this case we will mean-center each
group discriminated by the nominal factor, and then analyze the data as usual,
with an adjusted number of degrees of freedom.
The following basic exploration scheme is used

e Reduce noise by PCA and variance filtering. Assess the signal/noise ratio in var-
ious low dimensional PCA projections and estimate the projection information
contents by randomization.

e Perform statistical tests. Evaluate the statistical tests using the FDR, randomiza-
tion and permutation tests.

e Use graph-based multidimensional scaling (ISOMAP) to search for signals/
clusters.

The above scheme is iterated until “all” significant signals are found and it is guided
and coordinated by synchronized PCA-biplot visualizations.

6.6 Some Biological Background Concerning
the Example Datasets

The rapid development of new biological measurement methods makes it possible to
explore several types of genetic alterations in a high-throughput manner. Different
types of microarrays enable researchers to simultaneously monitor the expression
levels of tens of thousands of genes. The available information content concerning
genes, gene products and regulatory pathways is accordingly growing steadily.
Useful bioinformatics databases today include the Gene Ontology project (GO)
[5] and the Kyoto Encyclopedia of Genes and Genomes (KEGG) [27] which are
initiatives with the aim of standardizing the representation of genes, gene products
and pathways across species and databases. A substantial collection of functionally
related gene sets can also be found at the Broad Institute’s Molecular Signatures
Database (MSigDB) [35] together with the implemented computational method
Gene Set Enrichment Analysis (GSEA) [36, 50]. The method GSEA is designed
to determine whether an a priori defined set of genes shows statistically significant
and concordant differences between two biological states in a given dataset.

Bioinformatic data sets are often uploaded by researchers to sites such as the
National Centre for Biotechnology Information’s database Gene Expression
Omnibus (GEO) [19] or to the European Bioinformatics Institute’s database
ArrayExpress [4]. In addition data are often made available at local sites maintained
by separate institutes or universities.

6.7 Analysis of Microarray Data Sets

There are many bioinformatic and statistical challenges that remain unsolved or
are only partly solved concerning microarray data. As explained in [42], these
include normalization, variable selection, classification and clustering. This state of
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affairs is partly due to the fact that we know very little in general about underlying
statistical distributions. This makes statistical robustness a key issue concerning
all proposed statistical methods in this field and at the same time shows that new
methodologies must always be evaluated using a knowledge based approach and
supported by accompanying new biological findings. We will not comment on the
important problems of normalization in what follows but refer to e.g. [6] where
different normalization procedures for the Affymetrix platforms are compared. In
addition, microarray data often have a non negligible amount of missing values.
In our example data sets we will, when needed, impute missing values using the
K-nearest neighbors method as described in [52]. All visualizations and analyses
are performed using the software Qlucore Omics Explorer [44].

6.7.1 Effects of Cigarette Smoke on the Human
Epithelial Cell Transcriptome

We begin by looking at a gene expression dataset coming from the study by Spira
et al. [45] of effects of cigarette smoke on the human epithelial cell transcriptome. It
can be downloaded from National Center for Biotechnology Informations (NCBI)
Gene Expression Omnibus (GEO) (DataSet GDS534, accession no. GSE994). It
contains measurements from 75 subjects consisting of 34 current smokers, 18
former smokers and 23 healthy never smokers. The platform used to collect the data
was Affymetrix HG-U133A Chip using the Affymetrix Microarray suite to select,
prepare and normalize the data, see [45] for details.

One of the primary goals of the investigation in [45] was to find genes that are
responsible for distinguishing between current smokers and never smokers and also
investigate how these genes behaved when a subject quit smoking by looking at the
expression levels for these genes in the group of former smokers. We will here focus
on finding genes that discriminate the groups of current smokers and never smokers.

*  We begin our exploration scheme by estimating the signal/noise ratio in a sample
PCA projection based on the three first principal components.

We use an SVD on the data correlation matrix, i.e. the covariance matrix for
the variance normalized variables. In Fig.6.1 we see the first three principal
components for /m L and the 75 patients plotted. The first three principal
components contain 25% of the total variance in the dataset and so for this
3-D projection «;({1,2,3},0bsr) = 0.25. Using randomization we estimate
the expected value for a corresponding dataset (i.e. a dataset containing the
same number of samples and variables) built on independent and normally
distributed variables to be approximately o> ({1, 2, 3}, rand) = 0.035. We have
thus captured around 7 times more variation than what we would have expected
if the variables were independent and normally distributed. This indicates that
we do have strong signals present in the dataset.
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Fig. 6.1 The 34 current

smokers (red), 18 former
smokers (blue) and 23 never
smokers (green) projected
onto the three first principal
components. The separation
into two groups is not
associated with any supplied
clinical annotation and is thus
a suspected artifact

2(7%)

1(13%)

Fig. 6.2 The red samples

have high description
numbers (>58) and the green
samples have low description
numbers (<54). The blue
sample has number 5

1(13%)

Following our exploration scheme we now look for possible outliers and artifacts.

The projected subjects are colored according to smoking history, but it is
clear from Fig. 6.1 that most of the variance in the first principal component
(containing 13% of the total variance in the data) comes from a signal that has a
very weak association with smoking history. We nevertheless see a clear splitting
into two subgroups. Looking at supplied clinical annotations one can conclude
that the two groups are not associated to gender, age or race traits. Instead one
finds that all the subjects in one of the groups have low subject description
numbers whereas all the subjects except one in the other group have high
subject description numbers. In Fig. 6.2 we have colored the subjects according
to description number. This suspected artifact signal does not correspond to any
in the dataset (Dataset GDS 534, NCBIs GEO) supplied clinical annotation. One
can hypothesize that the description number could reflect for instance the order
in which the samples were gathered and thus could be an artifact. Even if the
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Fig. 6.3 We have filtered by variance keeping the 630 most variable genes. It is interesting to
see that the third principle component containing 9% of the total variance separates the current
smokers (red) from the never smokers (green) quite well

two groups actually correspond to some interesting clinical variable, like disease
state, that we should investigate separately, we will consider the splitting to be an
artifact in our investigation. We are interested in using all the assembled data to
look for genes that discriminate between current smokers and never smokers. We
thus eliminate the suspected artifact by mean-centering the two main (artifact)
groups. After elimination of the strong artifact signal, the first three principal
components contain “only” 17% of the total variation.

¢ Following our exploration scheme we filter the genes with respect to variance
visually searching for a possibly informative three dimensional projection.

When we filter down to the 630 most variable genes, the three first principal
components have an L2-projection content of a»({1,2,3}) = 0.42, whereas
by estimation using randomization we would have expected it to be 0.065. The
projection in Fig. 6.3 is thus probably informative. We have again colored the
samples according to smoking history as above. The third principal component,
containing 9% of the total variance, can be seen to quite decently separate the
current smokers from the never smokers. We note that this was impossible to
achieve without removing the artifact signal since the artifact signal completely
obscured this separation.

» Using the variance filtered list of 630 genes as a basis, following our exploration
scheme, we now perform a series of Student t-tests between the groups of current
smokers and never smokers, i.e. 34 4 23 = 57 different subjects.

For a specific level of significance we compute the 3-dimensional (i.e. S =
{1,2,3}) L%-projection content resulting when we keep all the rejected null
hypotheses, i.e. statistical discoveries. For a sequence of t-tests parameterized
by the level of significance we now try to find a small level of significance
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Fig. 6.4 A synchronized biplot showing samples to the /eft and variables to the right

and at the same time an observed L2-projection content with a large quotient
compared to the expected projection content estimated by randomization. We
supervise this procedure visually using three dimensional PCA-projections
looking for visually clear patterns. For a level of significance of 0.00005,
leaving a total of 43 genes (rejected nulls) and an FDR of 0.0007 we have
ax({1,2,3},0bsr) = 0.71 whereas the expected projection content for ran-
domized data o, ({1,2,3},rand) = 0.21. We have thus captured more than 3
times of the expected projection content and at the same time approximately
0.0007 x 43 = 0.0301 genes are false discoveries and so with high probability
we have found 43 potentially important biomarkers. We now visualize all 75
subjects using these 43 genes as variables. In Fig. 6.4 we see a synchronized
biplot with samples to the left and variables to the right. The sample plot shows
a perfect separation of current smokers and never smokers. In the variable plot
we see genes (green) that are upregulated in the current smokers group to the
far right. The top genes according to g-value for the Student t-test between
current smokers and never smokers, that are upregulated in the current smokers
group and downregulated in the never smokers group, are given in Table 6.3. In
Table 6.4 we list the top genes that are downregulated in the current smokers
group and upregulated among the never smokers.

6.7.2 Analysis of Various Muscle Diseases

In the study by Bakay et al. [10] the authors studied 125 human muscle biopsies
from 13 diagnostic groups suffering from various muscle diseases. The platforms
used were Affymetrix UI133A and U133B chips. The dataset can be downloaded
from NCBIs Gene Expression Omnibus (DataSet GDS2855, accession no.
GSE3307). We will analyze the dataset looking for phenotypic classifications
and also looking for biomarkers for the different phenotypes.
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Table 6.3 Top genes
upregulated in the current
smokers group and
downregulated in the never
smokers group

Table 6.4 Top genes
downregulated in the current
smokers group and
upregulated in the never
smokers group

M. Fontes

Gene symbol

q-value

NQO1 5.59104067771824e-08
GPX2 2.31142232391279e-07
ALDH3A1 2.31142232391279¢-07
CLDNI10 3.45691439169953e-06
FTHI 4.72936617815058e-06
TALDO1 4.72936617815058e-06
TXN 4.72936617815058e-06
MUCSAC 3.77806345774405e-05
TSPAN1 4.50425200297664e-05
PRDX1 4.58227420582093e-05
MUCSAC 4.99131989472012e-05
AKRI1C2 5.72678146958168e-05
CEACAM6 0.000107637125805187
AKRIC1 0.000195523829628407
TSPANS 0.000206106293159401
AKRI1C3 0.000265342898771159
Gene symbol q-value

MTI1G
MT1X
MUC5B
CD81
MTIL
MTI1H
SCGB1A1
EPAS1
FABP6
MT2A
MT1P2

4.03809377378893e-07
4.72936617815058e-06
2.38198903402317e-05
3.1605221864278e-05
3.1605221864278e-05
3.1605221864278e-05
4.50425200297664e-05
4.63861480935914e-05
0.00017793865432854
0.000236481909692626
0.000251264650053933

e We first use 3-dimensional PCA-projections of the samples of the data correlation
matrix, filtering the genes with respect to variance and visually searching for clear

patterns.

When filtering out the 300 genes having most variability over the sample set
we see several samples clearly distinguishing themselves and we capture 46%
of the total variance compared to the, by randomization estimated, expected 6%.
The plot in Fig. 6.5 thus contains strong signals. Comparing with the color legend
we conclude that the patients suffering from spastic paraplegia (Spg) contribute a
strong signal. More precisely, three of the subjects suffering from the variant Spg-
4 clearly distinguish themselves, while the remaining patient in the Spg-group

suffering from Spg-7 falls close to the rest of the samples.
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(a) A three dimensional PCA plot capturing 46%
of the total variance.

|:| Becker muscular dystrophy
|:| Calpain 3 mutation
- Duchenne muscular dystrophy
[ Emery-Dreifuss muscular dystrophy
B EmeryDreifussFSHD
[] FKRP mutation
[l FsH Dysferlin
[l FsH-DMD
[l acute quadriplegic myopathy
- amyotophic lateral sderosis
|:| dysferlin mutation
. juvenile dermatomyositis
- normal
[ spastic paraplegia

(b) Color legend

Fig. 6.5 PCA-projection of samples based on the variance filtered top 300 genes. Three out of four
subjects in the group Spastic paraplegia (Spg) clearly distinguish themselves. These three suffer
from Spg-4, while the remaining Spg-patient suffers from Spg-7

Table 6.5 Top genes
upregulated in the Spastic
paraplegia group (Spg-4)

Gene symbol g-value
RAB40C 0.0000496417
SFXNS5 0.000766873
CLPTMI1L 0.00144164
FEMI1A 0.0018485
HDGF2 0.00188435
WDR24 0.00188435
NAPSB 0.00188435
ANKRD23 0.00188435

e We perform Student t-tests between the spastic paraplegia group and the normal

group.

As before we now, in three dimensional PCA-projections, visually search for
clearly distinguishable patterns in a sequence of Student t-tests parametrized by
level of significance, while at the same time trying to obtain a small FDR. At a
level of significance of 0.00001, leaving a total of 37 genes (rejected nulls) with
an FDR of 0.006, the first three principal components capture 8 1% of the variance
compared to the, by randomization, expected 31%. Table 6.5 lists the top genes
upregulated in the group spastic paraplegia. We can add that these genes are all
strongly upregulated for the three particular subjects suffering from Spg-4, while
that pattern is less clear for the patient suffering from Spg-7.
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Fig. 6.6 Effect of the

ISOMAP-algorithm. We can 2
identify a couple of clusters

corresponding to the groups

juvenile dermatomyositis, ©

amyotophic lateral sclerosis,
acute quadriplegic myopathy
and Emery Dreifuss FSHD

3(12%)

In order to find possibly obscured signals, we now remove the Spastic paraplegia
group from the analysis.

We also remove the Normal group from the analysis since we really want to
compare the different diseases. Starting anew with the entire set of genes, filtering
with respect to variance, we visually obtain clear patterns for the 442 most
variable genes. The first three principal components capture 46% of the total
variance compared to the, by randomization estimated, expected 6%.

Using these 442 most variable genes as a basis for the analysis, we now construct
a graph connecting every sample with its two nearest (using euclidean distances
in the 442-dimensional space) neighbors.

As described in the section on multidimensional scaling above, we now compute
geodesic distances in the graph between samples, and construct a resulting
distance (between samples) matrix. We then convert this distance matrix to a
corresponding covariance matrix and finally perform a PCA on this covariance
matrix. The resulting plot (together with the used graph) of the so constructed
three dimensional PCA-projection is depicted in Fig. 6.6.

Comparing with the Color legend in Fig. 6.5, we clearly see that the groups
juvenile dermatomyositis, amyotophic lateral sclerosis, acute quadriplegic
myopathy and also Emery—Dreifuss FSHD distinguish themselves.

One should now go on using Student t-tests to find biomarkers (i.e. genes)
distinguishing these different groups of patients, then eliminate these distinct
groups and go on searching for more structure in the dataset.
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Fig. 6.7 Variance filtered PCA-projection of the correlation datamatrix based on 873 genes. The
group T-ALL clearly distinguish itself

6.7.3 Pediatric Acute Lymphoblastic Leukemia

We will finally analyze a dataset consisting of gene expression profiles from 132
different patients, all suffering from some type of pediatric acute lymphoblastic
leukemia (ALL). For each patient the expression levels of 22282 genes are analyzed.
The dataset comes from the study by Ross et al. [43] and the primary data are
available at the St. Jude Children’s Research Hospital’s website [49]. The platform
used to collect this example data set was Affymetrix HG-U133 chip, using the
Affymetrix Microarray suite to select, prepare and normalize the data.

As before we start by performing an SVD on the data correlation matrix
visually searching for interesting patterns and assessing the signal to noise ratio by
comparing the actual L?-projection content in the real world data projection with
the expected L2-projection content in corresponding randomized data.

* We filter the genes with respect to variance, looking for strong signals.

In Fig. 6.7 we see a plot of a three dimensional projection using the 873 most
variable genes as a basis for the analysis. We clearly see that the group T-ALL
is mainly responsible for the signal resulting in the first principal component
occupying 18% of the total variance. In fact by looking at supplied annotations
we can conclude that all of the other subjects in the dataset are suffering from
B-ALL, the other main ALL type.
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Fig. 6.8 FDR = 1.13e-24. A synchronized biplot showing samples to the left and genes to
the right. The genes are colored according to their expression level in the T-ALL group. Red=
upregulated and green= downregulated

We now perform Student t-tests between the group T-ALL and the rest. We
parametrize by level of significance and visually search for clear patterns.

In Fig. 6.8 we see a biplot based on the 70 genes that best discriminate between
T-ALL and the rest. The FDR is extremely low FDR = 1.13e-24 telling us that
with a very high probability the genes found are relevant discoveries. The most
significantly upregulated genes in the T-ALL group are

CD3D, CD7, TRD@, CD3E, SH2D1A and TRA@.
The most significantly downregulated genes in the T-ALL group are

CD74, HLA-DRA, HLA-DRB, HLA-DQB and BLNK.
By comparing with gene-lists from the MSig Data Base (see [35]) we can see that
the genes that are upregulated in the T-ALL group (CD3D, CD7 and CD3E) are
represented in lists of genes connected to lymphocyte activation and lymphocyte
differentiation.

We now remove the group T-ALL from the analysis and search for visually
clear patterns among three dimensional PCA-projections filtrating the genes with
respect to variance.

Starting anew with the entire list of genes, filtering with respect to variance, a
clear pattern is obtained for the 226 most variable genes. We capture 43% of the
total variance as compared to the expected 6.5%. We thus have strong signals
present.

Using these 226 most variable genes as a basis for the analysis, we now construct
a graph connecting every sample with its two nearest neighbors.

We now perform the ISOMAP-algorithm with respect to this graph. The resulting
plot (together with the used graph) of the so constructed three dimensional
PCA-projection is depicted in Fig.6.9. We can clearly distinguish the groups
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Fig. 6.9 Effect of the
ISOMAP-algorithm. We can
clearly see the groups
E2A-PBX1, MLL and
TEL-AMLI. The group
TEL-AMLI is connected to a
subgroup of the group called
Other (white)

3(9%)

1(74%)

E2A-PBX1, MLL and TEL-AMLI. The group TEL-AMLI1 is connected to a
subgroup of the group called Other. This subgroup actually corresponds to the
Novel Group discovered in the study by Ross et al. [43]. Note that by using
ISOMAP we discovered this Novel subgroup only by variance filtering the genes
showing that ISOMAP is a useful tool for visually supervised clustering.
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Chapter 7
Shock-Wave Behaviour of Sedimentation
in Wastewater Treatment: A Rich Problem

Stefan Diehl

Abstract A common industrial process for separating particles from a liquid is
continuous sedimentation, which is used in the chemical, mining, pulp-and-paper
and food industries. It can also be found in most wastewater treatment plants, where
it is a crucial subprocess of a complex biological system. The process has provided,
and will continue to provide, scientific problems that lead to fundamental research
in different disciplines such as mathematics, wastewater, chemical, mineral, control
and automation engineering. A selective survey of previous results within the field
of pure and applied mathematics is presented with focus on a nonlinear convection-
diffusion partial differential equation with discontinuous coefficients. In a model
of a wastewater treatment plant, such an equation is coupled to a set of ordinary
differential equations. Some new results on the steady-state solutions of such a
coupled system are also presented.

7.1 Introduction

7.1.1 Problem Origin

In this paper, we describe how a real-world problem has initiated research in differ-
ent disciplines, such as the wastewater, chemical, mineral, control and automation
engineering, but we focus on applied and pure mathematics. The investigations
comprise modelling, well-posedness issues, numerical analysis, inverse problems
(identification of constitutive relations) and control problems.

The origin is a common industrial process that has been used for a about a
century: continuous sedimentation, a separation process in which a suspension is
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separated into clarified liquid and thickened slurry by gravity under a continuous
flow. It is used in most wastewater treatment plants and in the chemical, mining,
pulp-and-paper and food industries. The process is known to behave in a nonlinear
way and it is therefore difficult to model and control.

Despite several idealized assumptions, the conservation of mass leads inevitably
to a nonlinear convection-diffusion partial differential equation (PDE), which has
coefficients that are discontinuous functions of the one-dimensional spatial variable:

ou

9 9 9
o+ 5(F(u,x,t)) = o (y(X)gD(u)) + 5(0)d(x). (7.1)

It should be interpreted in the weak sense. The unknown concentration u(x, ) is
a function of depth x and time ¢, s is a source function modelling the inflow of
suspension and § is the Dirac measure. The convective flux function F is composed
of a constitutive relation on the settling of particles combined with two volumetric
flow rates. The diffusion function D models the compression of the network of
particles at high concentrations and y is a characteristic function of the interval
that corresponds to the vertical extension of the sedimentation vessel. In the case
D = 0, (7.1) becomes a first-order hyperbolic model; a conservation law that
has solutions with shock waves. In the general case, the diffusion term is nonzero
only when the solution u is greater than a critical concentration, above which the
particles are in contact with each other. Then (7.1) is referred to as the second-order
parabolic model, which is strongly degenerate. A key problem is that discontinuities
appear in the solution, partly in regions where the equation is hyperbolic, partly
on the interface between hyperbolic-parabolic regions, partly at locations where
the coefficients have spatial discontinuities. The tools for the hyperbolic type of
equation has evolved only since the 1990s and for the degenerate parabolic equation
the last decade. For general overviews of hyperbolic conservation laws, see e.g.
[15,140].

7.1.2 How it Started

In 1987, I was an undergraduate student, seeking an interesting problem for the
master thesis project. My teacher and, as it should turn out, supervisor and colleague
for many years ahead Professor Gunnar Sparr had several suggestions. One of these
was the problem of modelling continuous sedimentation in wastewater treatment,
introduced to us by Professor Gustaf Olsson, an internationally driving force within
the wastewater treatment research field (see e.g. his latest book contribution [151]).
The master’s thesis [67] got an award and resulted in the publication [86]. This
was the starting point of a series of contributions within the different disciplines
mentioned above. A key ingredient in my licentiate’s thesis [68] in 1992 and my
PhD thesis [69] in 1995 was a uniqueness condition for the first-order hyperbolic
model, with which local results on existence and uniqueness were established with
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support from Gunnar Sparr, see [70-72, 85]. A decade later, the well-posedness for
global solutions was established and also extended to the second-order model (7.1)
by Biirger, Karlsen and colleagues in [29,30, 128]. Recently, their uniqueness result
has been improved with a new uniqueness condition for equations of the type (7.1),
which is in fact a generalization of the one in my PhD thesis, see Diehl [83].

7.1.3 Outline of Paper

This paper is organized as follows. The physical processes are described in Sect. 7.2
and the goals of applied mathematics research when attacking the connected
problems. Described from the author’s point of view, a survey of previous results can
be found in Sect. 7.3. Section 7.4 is more technical, presenting some new results on
the steady-state solutions of a simple model of the activated sludge process (ASP)
in a wastewater treatment plant.

7.2 The Processes and Goals of Applied Mathematics

7.2.1 Batch Sedimentation

Consider a homogeneous suspension of particles in a liquid in a closed cylindrical
column. Batch sedimentation means that the particles settle in the liquid under the
force of gravity. A result of a simple experiment by the author is shown in Fig.7.1.

A batch sedimentation test was recorded on video with an image every 4s.
Clearly visible is the uppermost declining interface, a shock wave, between the
clear liquid and suspension. If the initial concentration is not too high, there is also
a discontinuity rising from the bottom, which cannot usually be detected by the eye.

If the suspension contains incompressible particles, e.g. monosized glass beads,
the increasing layer at the bottom consists of the maximum concentration of
particles. This implies that the rising discontinuity from the bottom is a straight
line until it meets the uppermost interface, and after that time point, there is
a final stationary discontinuity between clear liquid and the maximum packing
concentration. This behaviour is captured by a hyperbolic first-order model PDE, for
which the characteristics are straight lines and shock waves appear in the solution,
see Sect. 7.3.1.

The particles of most industrial suspensions are, however, compressible. Above
a critical concentration, where the particles are in constant contact with each other,
compressive forces appear and the model equation is parabolic. For a batch settling
test, this means that the discontinuity rising from the bottom becomes concave and
that the concentration of the bottom sediment increases with depth due to the weight
of the material above.
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Fig. 7.1 The time evolution of a batch sedimentation test with 20-32 pum silica in water and the
initial homogeneous concentration 623 g1~'. A matrix of grey levels is shown below to the left and
the contours of the matrix to the right. Note that the rising sediment-suspension discontinuity from
the bottom becomes clearly visible with simple image processing. The polydispersity is probably
one reason why this discontinuity is not a straight line

7.2.2 Continuous Sedimentation in Wastewater Treatment

In diverse industrial processes there are flowing particle-liquid suspensions and it is
of importance to separate the two components continuously in time. The aim may be
to obtain a concentrated slurry from a dilute suspension. This is called thickening. If
the main aim is to remove solid particles from a suspension to obtain a clear liquid,
the process is called clarification. The process continuous sedimentation involves
both clarification and thickening under the continuous removal of liquid and slurry
and takes place in a clarifier-thickener unit. Other names of such a sedimentation
tank are gravity thickener, clarifier, or just settler. In most wastewater treatment
plants one can partly find a primary settler for the removal of course particles, partly
a secondary settler within the activated sludge process (ASP), see Fig.7.2.
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Fig. 7.2 The activated sludge process (ASP) consists of a biological reactor and a sedimentation
tank (settler). The settler consists of a clarification zone corresponding to the interval (—H, 0) and
a thickening zone in the interval (0, B). The indices stand for f = feed, e = effluent, u = underflow,
r =recycle and w = waste

The incoming sewage consists mostly of organic material and nutrients, the
substrate or soluble material, represented by the S-variables in Fig.7.2. In the bio-
logical reactor, this is consumed and decomposed by microorganisms, the biomass
or particulate material, represented by u in Fig.7.2. The substrate and biomass
consist each of several components. In the reduced-order model in Sect.7.4,
we consider however only one substrate and one biomass component, i.e. all
variables in Fig. 7.2 are then scalars. The biological reactor often consists of several
compartments, classified according to the form of the available oxygen (anaerobic,
aerobic and anoxic). The incoming biomass concentration u;, is usually small
or negligible. The main objective of the ASP is to keep the effluent substrate
concentrations less than prescribed reference values.

In the secondary settler, the flocculated biomass particles settle slowly, since
they have only a slightly higher density than the water. This settler is crucial in
a wastewater treatment plant and the most difficult subprocess to control. Besides
clarification and thickening, a third purpose of the settler is to be a buffer of mass
in the ASP, since most of the underflow of the settler is recycled to the biological
reactor.

Input variables to the ASP are the volumetric flow rate Q and the substrate
(Sin) and biomass (u4,) concentrations. Quitputs are the effluent and the underflow
concentrations (ue, Se, Uy, Sy). The underflow rate of the settleris Q, = (r + w)Q,
where the recycle and waste ratios are defined by
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These two ratios are the main control parameters for the entire ASP. The waste ratio
w has to be nonzero since the microorganisms grow in the biological reactor and one
purpose of the process is that they should not leave the effluent flow, i.e. u. should
be zero. On the other hand, w should be small to minimize the amount of waste
sludge for practical, economical and environmental reasons. A large value of r
may cause turbulence and thereby unwanted disturbances in the settler. Orders of
magnitude are usually r ~ 1 and w < 0.01. The supply of oxygen and carbon to
the biological reactor are normally used for control of the biological processes. For
the simple model in Sect. 7.4, we assume that the biological reactor consists of only
one aerobic reactor and that the supply of oxygen is sufficiently high.

Under normal operating conditions there is a large concentration discontinuity
in the thickening zone, which position is called the sludge blanket level (or the
sediment level in other applications). As for the settler, the main control problem
is to maintain the sludge blanket level as the inputs Q, Si, and u;, vary with time.
Then the effluent particulate concentration remains low, preferably zero, and the
underflow concentration high.

Even for an idealized one-dimensional settler (with constant cross-sectional area,
inlet and outlets at points), there are still two reasons for the nonlinearities:

* Hindered sedimentation: The settling speed of the particles relative to the liquid
is a nonlinear function of the concentration (Kynch’s assumption). This leads to
a nonlinear hyperbolic conservation law, see (7.3) in Sect. 7.3.1.

» Compression: The effective solid stress for the network of particles, which is
formed above a critical concentration, is a nonlinear function of the concen-
tration. Together with Kynch’s assumption this leads to a strongly degenerate
parabolic PDE, see (7.4) in Sect. 7.3.1.

These physical nonlinear phenomena imply non-uniqueness of solutions of the
modelling equation. In addition, we have the following complication:

*  Convective flows: The flows of the inlet and outlets of the settler imply that there
are space-discontinuous coefficients of the model PDE, see Sect.7.3.3. Even for
a soluble material that follows the water in the settler and has a linear model
equation (since it undergoes neither sedimentation nor compression), the space-
discontinuous coefficients cause non-uniqueness of solutions, see Sect.7.4.1.

These facts are the main reasons for the problems of modelling and controlling the
continuous sedimentation process in a stand-alone settler. This is the case in, for
example, the mineral industry.

7.2.3 Goals of Applied Mathematics Research

Concerning a stand-alone settler, we may state the following goals of the applied
mathematics research:
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Modelling I: equations. Make simplifying assumptions and create a mathematical
model, in this case a PDE, which comes out from a physical law and constitutive
assumptions.

Well-posedness. Establish the well-posedness of the model, i.e. existence and
uniqueness of solutions. Because of the presence of shock waves in the solution
of the PDE, the stability of such is related to the choice of uniqueness condition.
Numerical methods and simulation tools. Develop reliable numerical methods to be
used for simulation of different scenarios. By reliable is meant that the numerical
approximate solutions converge to the exact solution of the PDE model as the size
of the mesh, used for the numerical computations, tends to zero. This is often
neglected in the applied fields, where the need for simulation models has forced
ad hoc assumptions and adjustments in the numerical methods. This is particularly
dangerous for solutions having discontinuities.

Manual control. Formulate control objectives mathematically and establish cor-
responding control strategies, i.e. define the control variables as functions of the
input data and the present state of the system. This requires a categorization of
the behaviour of the nonlinear system for all types of input data with respect to
stationary solutions, step responses and limitations for control.

Automatic control. Obtain automatic control of the model process and ultimately of
the real process.

Modelling II: inverse problems. Develop methods to determine the constitutive
relations from measured data. Specially designed experiments can be evolved and
yield information in addition to real process data. This leads to the inverse problem
of estimating parameters in the PDE. This is particularly important for biological
sludges, for which the settling and compression properties may change with time.
The ultimate goal is to perform estimations in real time from on-line data in order
to achieve automatic control.

For the coupled settler within the ASP, the situation becomes even more
complicated. Some additional features, which should be added to each of the goals
above, are then the following:

e The processes within the biological reactor: There are standard nonlinear ODE
models, which are considered to be satisfactory although the identification of
parameters is difficult. A conventional model consists of 13 ODEs, see Henze
etal. [116].

e The link from the reactor to the settler: The 13 unknowns of the ODE system
correspond to different particulate and soluble materials. As the sludge leaves
the biological reactor and enters the settler, it is normally assumed that the
biological reactions cease and the particulate material has formed larger flocs.
The percentages of the components of the flocs depend on time as they enter the
settler. It is the concentration of the flocs that is the scalar feed concentration u; to
the settler in Fig. 7.2. Inside the settler, the percentages are governed by a system
of PDEs, see (7.16) for the hyperbolic case. The analogous situation holds for
the soluble material with the simplifying fact that the convective fluxes do not
contain any nonlinear sedimentation component (cf. Sect. 7.4).
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e The recirculation from the settler to the reactor: The underflow concentra-
tions u, and S, are parts of the solutions of the PDEs and inputs to the
ODEs. Furthermore, the control parameter r influences all equations.

7.3 A Selective Overview of Previous Results

The need for modelling continuous sedimentation arose as soon as the process was
invented in 1905 by Dorr [88]. For a historical perspective of the twentieth century,
we refer to Concha and Biirger [57].

7.3.1 Modelling Batch Sedimentation

Batch sedimentation is performed in a closed column, where the suspension settles
without any applied bulk flows, see Fig.7.1. For a constant cross-sectional area and
with v¢ > 0 denoting the downwards settling speed of particles, the conservation of
mass leads to the conservation law

u; + (uvg)y =0 or u — (uv), =0, (7.2)

where x is a downwards and z an upwards pointing axis. (In continuous sedi-
mentation, the spatial axis is often defined downwards and in batch sedimentation
upwards, cf. Fig.7.3). The first-order model of batch sedimentation was presented
in 1952 in the pioneering work by Kynch [135]. Kynch’s constitutive assumption
is that the settling speed v, depends only on the local concentration u. A common
assumption is that v is a decreasing function since the hindrance to free settling
of a single particle increases with the concentration. Hence, the batch-settling flux
function f, () = uvs(u) is nonlinear, see Fig. 7.3 (left). Equation (7.2) then becomes

u + fow)y =0 or u — fo(u), =0. (7.3)

Kynch’s model can also be obtained as a special one-dimensional case of a multi-
dimensional sedimentation model, see Biirger et al. [21] and the second-order model
below. Kynch’s assumption turns out as a result of a constitutive assumption in a
linear momentum equation: a postulated nonlinear concentration-dependent factor
relates the solid-liquid interaction force to the solid-liquid relative velocity.

Ahead of the formalization of entropy solutions and based more on physical
insight, Kynch used the method of characteristics to construct solutions. The
solution of (7.3) is generally built up by patches where the solution is piecewise
smooth and such that a concentration value i is propagated along straight lines — the
characteristics — of slope f;/ (uo), see Fig. 7.3 (right). This can be seen by considering
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Fig. 7.3 Left: A batch-settling flux curve with one inflection point ui,q. The mappings uy —> u;y
and Uy > umax are related to tangents to the curve. Right: A schematic solution of a standard
batch-settling test with the initial homogeneous concentration uy € (uk¥ , uinn). Thin lines are
characteristics. Besides the point (uo, fy(it9)) on the flux curve, the interval of estimation in this
case is [ug, tmax)

a contour x = x () that satisfies u(x (1), t) = uy. Differentiation yields

d ,
0= Eu(x(l),t) = u; + x'(t)u,.

Comparing with (7.3), we see that x'(t) = f, (u) = f;/(uo) holds. As characteristics
with different concentration intersect, a discontinuity appears. This may occur even
for smooth initial data. The speed of a discontinuity is governed by the jump condi-
tion, which is a direct consequence of the weak formulation of (7.3). Discontinuous
solutions may, however, not be unique for given initial data. A physically relevant
discontinuity, a shock wave, satisfies the entropy inequality by Oleinik [150]. This
ensures a unique solution for given initial data. The construction of solutions of
(7.3) in the case of standard batch-settling tests can be found in the book by Bustos
et al. [44, Chap.7]. Kynch’s paper was the most important one for the modelling
and analysis of sedimentation in the twentieth century. His constitutive assumption
has been the most widely used, despite the fact that it is only valid for ideal
incompressible particles, such as monosized glass beads.

For most industrial suspensions, the settling particles form a compressible net-
work above a critical concentration. This phenomenon can be captured by another
constitutive relationship in addition to the one by Kynch, namely the effective
solid stress o,, or compressive yield stress, as a function of the concentration, see
[8,19,21,40,41,58,64,118,136]. A common assumption is that o, and its derivative
should satisfy
=0, u=u,

oe(u) and 0. (u)
.U > U,
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where u. is the critical concentration above which the particles are in constant
contact with each other. In particular, we highlight the sedimentation-consolidation
theory by Biirger et al. [21], who carefully derived the following expression for the
settling speed of the particles:

ve = So(u) (1 __Ps 8Ue(u))
o ug,Ap ox )’

Substituting this into (7.2), the following model PDE is obtained, which we may
call the second-order model of batch sedimentation:

u + fb(u)x = D(u)xx or u — fb(“)z = D(u)zz- (7.4)
Here, the diffusion function is

D(u) = /Oud(v)dv with d(u) = 2S00 (1.5)

uga Ap

where ps is the density of the solids, Ap is the density difference between solids and
liquid and g, is the acceleration of gravity. Equation (7.4) is strongly degenerate
parabolic, since D(u) disappears for u less than the critical concentration. Then
the equation becomes the hyperbolic one (7.3), and we note that the convective
flux fy is precisely the one by Kynch. Particularly thorough analyses of (7.4) have
been presented by Biirger et al. [17, 18, 22, 23] and Karlsen et al. [94, 127, 128].
There are several published results that show good agreement between this model
and industrial suspensions, e.g. [20, 66, 105]. In Fig.7.4, numerical simulations
of standard batch tests are shown without and with diffusion. For the numerical
convective flux, Godunov’s method [111] has been used, and for the diffusion term,
central differencing.

7.3.2 Inverse Problems of Batch Sedimentation

The inverse problem of determining the two constitutive relations (Kynch’s settling
velocity function and the effective solid stress function) from experimental data is of
vital importance for the reliability of the PDE models in both batch and continuous
sedimentation. A common approach is to assume explicit expressions for these
two functions, depending on a number of parameters, see e.g. [13, 20,59, 66, 105].
A common way of estimating the parameters is to minimize an objective functional
that measures some suitably chosen L? distance between a numerical approximate
solution of the PDE and measured data. These publications indicate that the inverse
problem is both ill-posed and badly conditioned, and that more research is needed.
The batch-settling flux function has usually at least one inflection point, which
implies that the determination of the whole function is more delicate. The most
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Fig. 7.4 Simulations of batch sedimentation tests without (upper) and with (lower) diffusion.
The initial concentration is uy = 3kgm™ and the flux function is f,(u) = 10u(e™ 03" —
e 03umay Mh™! with Upe = 15 kg m™3. The effective solid stress functions used are for the
upper figure: 6, = 0 and for the lower: 0. (1) = 0 for u < uc; = (u — uc)*/4 for u > u., where
u. = 4kgm™3. In (7.5), the following constants have been used: p; = 1,050kgm™—> (biomass

density), Ap = 52kgm™ and g, = 9.81 ms™?

common approach has been the graphical method by Kynch [135], with which
a portion of the flux curve to the right of the (smallest) inflection point can be
estimated from only one experiment. This has been used by e.g. [16,87,97,98,101-
104,168,179, 183]. It is only Lester et al. [138] that present an explicit formula for
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this part of the batch-settling flux function in terms of measurable variables. Their
formula involves an integral over the measured settling velocities.

It is, however, possible to derive a simpler explicit formula for this part of the flux
function by using Kynch’s own arguments. Consider Fig. 7.3 (right). For#; <t < 1,
denote the concentration just below the interface z = h(t) by

up() ;== u(h(t) = 0.1), 1 <t <t.

This increases from up(t1) = ugj to up(t2) = umax, cf. Fig. 7.3 (left). We need
two facts that relate the interface height 4(¢) with the batch flux function and the
concentration uy(¢). The first one is that the characteristics in the expansion wave
(between z; and z, in Fig.7.3 (right)) all go through the origin and their slopes
satisfy (cf. Sect. 7.3.1)

h
Q = —fo(un(®)., 1 <t=<n. (7.6)

The second one is that the downward speed of the interface is equal to the settling
speed of the uppermost particles:

— (1) = vy(un(r)) = %’&(j)) n<t<n. (7.7)

Consider now a fixed time point ¢ € (f1, f;) and the characteristic in the expansion
wave that goes from the origin to the point (¢, /(¢)). Along this characteristic,
the concentration has the constant value u,(¢) and the speed of the characteristic
upwards is — f;/(ux(t)) > 0. All particles pass this characteristic with the constant
relative speed v (u (1)) — f (ux(?)) and, hence, constant flux

up (1) [vs(un(t)) = fo (un(0))]

(mass per unit area and unit time). The total mass per unit area of all particles is
H uy. During the time period [0, #] all particles have passed this characteristic. This
fact, together with (7.6) and (7.7), yields

Huo = uy (1) [vs(un(0)) — fi (un(0))] 1
h(t)

t

up (1) [—h’(r) + }z = uy(t) [h(t) —th'(1)]. (7.8)
This corresponds to Kynch [135, (15)]. Letting n(¢) := h(t)—th'(¢), (7.7) and (7.8)
constitute a parametrization of a part of the batch-settling flux function expressed in
measurable variables:
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> = Hl/l()
n(]l:I) Hh=<t=<hohn. (7.9)
—_ Uo /
i = =0

This formula can also be obtained from the hyperbolic PDE theory, see Diehl [79].
It is easy to see that 7 is invertible. Hence, an explicit representation of the batch-
settling flux function in measurable variables is

Hu()

()’

It is remarkable that despite the fact that Kynch’s paper has been cited several
hundred times, the formulae (7.9) and (7.10) have not been discovered before.

For the flux curve on the left of the inflection point, only a single point has been
obtained for each standard batch test in all references above. With a new type of
batch test, launched by the author in [79], it is possible to estimate a large part of
the flux function containing the maximum point in only one test. Explicit formulae
analogous to (7.9) are also given in [79]. Further studies on this topic already utilize
(7.9), see Grassia et al. [112].

H
Folu) = —ul’ (n_l (ﬂ)) uy < u < umy, where uy = (7.10)
u

7.3.3 Modelling Continuous Sedimentation

7.3.3.1 Ad Hoc Simulation Models

The urgent need for dynamic models in the wastewater research community has led
to empirically developed simulation models. In order to fit the model to some set
of experimental data, various ad hoc assumptions have been used. There are several
published such models, e.g. [1,53,62,65,90-92,110,114,115,133,149,154,155,159,
160,167,175,178,181,184—187,189]. The most commonly used one is the so-called
Takacs model, see Takdcs et al. [167], which in fact is the model by Vitasovic [180]
with a special settling velocity function.

With sufficiently many parameters in a model it is possible to fit simulations to
some set of data. However, if a new set of data requires substantially different values
of the parameters, then such a simulation model does not catch the fundamental
physics properly and is not reliable. Another example of unreliable behaviour of ad
hoc models is that the approximate solutions is qualitatively different for different
mesh sizes of the grid used for the numerical computations. The fundamental
problems of the Takdcs model and comparisons with the author’s simulation
model, which is based on PDE theory, see [74, 84], can be found in Jeppsson and
Diehl [120].
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7.3.3.2 Models Based on PDEs

Kynch’s model has provided a platform in the water research field called the
solids-flux theory. From this, many conclusions have been drawn mostly by
graphical constructions by using the batch-settling flux curve f,. Fundamental
such results for obtaining concentrations in steady-state operation were presented
by Jernqvist [122—124]. Unfortunately, his results seem not to have reached other
researchers. Similar developments, but not as extensive, were presented in the 1960s
onwards with concepts such as the operating line, the limiting flux and the state point
(pivot point, feed point) in so-called operating charts, see [76,92] and the references
therein. The results presented in this context have been obtained by direct physical
considerations, without utilizing the method of characteristics to construct solutions
as Kynch did.

In the thickening zone of the settler, the downward flux or particles (mass per
unit time and area) is a superposition of the batch settling flux and the volumetric
flux of the suspension. With a constant cross-sectional area A, the hyperbolic model
(7.3) then becomes

u + f(u. Qu(r)), =0 (7.11)

where (1. 0u) 1= fw + 242 = (1w + 240 )

Construction of solutions by the method of characteristics, implying some analysis
of the sludge blanket and the prediction of the underflow concentration u,,, was made
by Petty [158], Bustos et al. [42,43,45,46] and Diehl et al. [67,86]. The reason for
the restriction to the thickening zone was the lack of mathematical results for the
inclusion of the inlet and outlets of the settler.

Modelling the inlet as a point source at x = 0 and the flux of the suspension
in the two outlet pipes by convective transport terms, one arrives at the following
hyperbolic PDE:

O¢(1)

u + Fu,x,t), = )

us(t)6(x), x e€R, (7.12)

where the total flux function is

—Mu, x < —H,

A
folu) — 2800 =: g(u, Qc(r)), —H <x <0,

Folw) + 2Dy = f(u, 0u(t)), 0<x < B,
A

2.0,
10y,

F(u,x,t) = (7.13)
x > B.

Equations (7.12) and (7.13) constitute the first-order model of the settler. It was
presented and analyzed by the author in [71], which was based on the work in
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[68, 70]. Independently, Chancelier et al. [5S0] presented the same equations, but
smoothed the spatial discontinuities of the flux function and the source term, so
that the standard existence and uniqueness theory could be used. However, one
advantage of first-order hyperbolic equations is the possibility of constructing exact
solutions. In [68, 70,72, 85], the author utilized this fact and developed an entropy
condition called Condition I", which made it possible to give a satisfactory treatment
of the inlet and outlets directly. Under some regularity assumptions, construction of
unique solutions of (7.12) for given initial data was possible.

Independently, Gimse and Risebro [108] presented an entropy condition, which
with a specific interpretation is equivalent to Condition I'. Their interest in
conservation laws with discontinuous flux function originated from the modelling
of two-phase flow in heterogeneous porous media, in particular geological discon-
tinuities. With these two applications as starting points, the uniqueness issue has
been widely studied, see e.g. [4,7,9,29,30,38,70,72,83,85,109,113,126-128,130—
132,145-147,156,163,170,171]. For the hyperbolic settler problem (7.12) with time
independent volumetric flows and feed concentration, the existence and uniqueness
of global solutions were established by Biirger et al. [29].

The construction of solutions together with Condition I" made it possible to
provide answers to many issues raised in the engineering literature, see e.g. [74,75].
In particular, the solids-flux theory with its graphical constructions and operating
charts can be completely described and extended in the direction of the control, see
[76-78,80-82]. A main ingredient of these results is the possibility of constructing
exact steady-state solutions and transitions between such.

Taking into account also the compression phenomenon, one arrives instead at
the degenerate parabolic PDE (7.1), the second-order model of the settler. Although
such an equation can be found in many references, the major breakthrough for this
model was presented by Biirger et al. [30]. They treated the well-posedness issues
for the model and presented numerical methods for reliable simulations. Further
utilization of this model concerning steady-state, control and capacity calculations
is provided by Biirger and Narvdez [33], and for the application to wastewater
treatment by De Clercq et al. [66].

As for the construction of steady-state solutions, the entropy condition at the
spatial discontinuities is of major importance. The condition utilized in [30,33] is the
Kruzkov-type entropy condition by Karlsen et al. [128]. The latter studied strongly
degenerate parabolic equations of the type

w+ f(y(x).u) = D). (7.14)

where p(x) is a piecewise smooth and bounded vector-valued function with a finite
number of discontinuities. Uniqueness was shown via L! stability of weak entropy
solutions, provided that an additional ‘crossing condition’ holds. The crossing
condition is an assumption on the flux function f at each spatial discontinuity, see
also Biirger, Karlsen et al. [29, 126].
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In [83], the author considered the equation

ur + (F(u,x) — D(u, x);), =0, (7.15)

X

with the discontinuous flux and diffusion functions

T ) 07 ~ D . 07
F(u,x) = A, x < and D(u,x) = ), x <
fi(w), x>0, D.(w), x>0.
An entropy condition at x = 0 was presented, which is a reformulation and

straight generalization of the previous Condition I". The uniqueness results of
Karlsen et al. [128] were generalized in the following ways. It was concluded that
Condition I" implies the KruZkov-type condition used in [128]. By modifying the
proof of L' stability in [128], uniqueness was proved partly without the additional
crossing condition, partly with the weaker assumption that u € L* instead of
u € L'N L. The latter is important in the application to continuous sedimentation,
where the solution does not tend to zero far away (the concentration in the lower
outlet pipe is usually high). An additional advantage of Condition I" is its simple
geometrical interpretation, which facilitates the construction of stationary solutions.

As for the existence of solutions and reliable numerical methods, we refer to
Biirger, Karlsen and their collaborators [24, 29,30, 126-128].

Without going into details, it should be mentioned that different types of entropy
conditions have been developed for conservation laws with discontinuous flux, see
[7,31, 38, 146]. Condition I" was justified by viscous profile analyses in [72, 85].
Within the setting of a more general theory covering several types of solution
concepts, Andreianov et al. [4, 5] recently concluded that Condition " should be
recognized as the correct admissibility criterion for the vanishing viscosity limits
for this type of equation.

7.3.4 [Extensions and Related Problems

7.3.4.1 Varying Cross-Sectional Area

Taking into account a cross-sectional area that varies with depth does not add
any substantially new feature concerning the analysis, except for the fact that
the characteristics of the corresponding hyperbolic equation will not be straight
lines. The cross-sectional area may also be discontinuous at the feed inlet, see
[26-28,30,74,75].

7.3.4.2 Polydisperse Sedimentation

In many applications, the suspensions consist of particles of different sizes. For the
modelling of sedimentation of polydisperse suspensions we mention only the recent
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works by Biirger et al. [35, 36, 39] and the references therein. They have in [32,36]
also modelled the case of a sink term in the hyperbolic equation and demonstrated
how it can be used for the classification of polydisperse suspensions.

7.3.4.3 Other Applications

Conservation laws with discontinuous coefficients appear also in other applications,
such as the modelling of rwo-phase flow in heterogeneous media [89, 109, 125],
traffic flow with abruptly changing surface conditions or number of lanes [25,34,37,
148], traffic flow on road networks [56], packet flow on telecommunication networks
[60,61,144], ion etching in the fabrication of semiconductor devices [162, 169] and
shape-from-shading problems (reconstruction of a 3D surface from a 2D image)
[152,153].

7.3.5 Controlling the Settler

As for the control of the settler, only a few approaches can be found in the literature
before 2008; empirical ones in [11, 55, 129, 142] and more advanced ones in [12,
33,45,50,51,74,86,166]. They all deal with the problem of controlling the sludge
blanket level under the assumption that normal operating conditions are maintained.

For the first-order model of the settler (7.12), all stationary solutions have been
charted, step responses investigated, control objectives formulated and limitations
for control of dynamic solutions established in the series of papers [76-78,81]. This
work of line lead the author to develop the first published regulator for control of
the settler, see [80]. An analogous analysis has started with the aim of obtaining a
similar regulator for the second-order model (7.1).

7.3.6 Modelling and Controlling the ASP

Despite the fact that it has long been generally accepted that the biological reactor
can be modelled by a set of ODEs and the settler modelled by a PDE, no rigorous
analysis of the coupled system can be found in the literature. The main reason for
this has been the lack of sufficient knowledge of the first- and second-order PDE
models of the settler. Nevertheless, the need for controlling the ASP has lead to
different approaches. Numerous control strategies have been proposed and the focus
has been laid on the processes in the biological reactor. There exist a few standard
regulators in addition to more complex ones based on feed-forward and model-based
predictive control.
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For large biological reactors, Lee et al. [137] argue that the concentration of each
component also depends on one spatial variable, and model each component by a
linear convection-diffusion PDE that takes into account the plug flow and diffusion.

7.3.6.1 Approaches Using Ad Hoc Settler Models

One of the first attempts to simulate the ASP was presented in 1978 by Attir and
Denn [6], who used two equations for the biological reactor (substrate and biomass)
and an ad hoc numerical settler implementation. Since then, the settler has often
been assumed either to satisfy a very simple model, such as a single ODE, or to
behave in an assumed optimal way, such as always in steady state with a sludge
blanket in the thickening zone. Some recent references with different objectives and
methods of analysis are [14,48,52,93,106,107,119,134,141,161,174,176,177,188].
Some recent approaches using simulation models for the full set of equations can
be found in [2, 3,10, 47,49, 54,63,95,96,99,100, 117,121,137, 143,151, 165,172,
173,182]. In most of these, the settler is simulated with a numerical scheme that has
no established connection to the PDE, such as the Takdcs model (which produces
incorrect approximate solutions, see [120]). A recent example of two-dimensional
simulations of the settler coupled with a simple completely mixed reactor model is
described by Patziger et al. [157]. The impact of phenomena like turbulence is then
possible to study. However, their conclusions, which are based on simulations, are
only rules of thumb on how to adjust the recycle ratio r.

7.3.6.2 A First-Order Simulation Model for the ASP Based
on PDEs for the Settler

In the ASP, there are several biological components of the particulate material. As
the sludge leaves the biological reactor and is fed into the settler, it is common to
assume that the biological activities have ceased and that the particulate material
is in the form of larger particles or flocs. Introducing the percentage vector p¢(¢)
of these components, the feed concentrations are contained in the vector p¢(?)u(?),
where u; is the total (scalar) concentration of the flocs that are fed to the settler.
Ignoring the compression phenomenon, the percentage vector within the settler
p(x, t) satisfies the system of PDEs

d(pu) d o
9 +£(pF(u,x,t))—

#(7)
o0 s @16)
Note that the sum of all equations in (7.16) yields (7.12). The system (7.16) has been
analyzed with respect to existence and uniqueness by the author in [73], where a
numerical scheme for approximate solutions can also be found. These results made

it possible to present the first-order simulation model for the ASP, see Diehl and
Jeppsson [84]. Except for (7.12) and (7.16), the model consists of 13 ODEs for the
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biological reactor. The difference between this model and all the ad hoc simulation
models referred to above is that the numerical method is derived from the exact
solutions of the PDEs, although no convergence results have been presented.

7.3.6.3 Reduced-Order Models

When it comes to analysis of equations, a reduced model with a few ODEs for
the biological reactor is a natural starting point. An obvious first approach is to
establish the steady states of the ASP and how these depend on the influent variables
and the control parameters. Sheintuch [164] presents a steady-state analysis of the
reactor-settler interaction using two equations for the biological reactor (substrate
and biomass). For the steady states of the settler, Sheintuch uses the result of Lev
et al. [139]. One shortcoming is that Lev et al. assume that all steady-state solutions
are constant in the clarification and thickening zones, respectively, and thereby
miss the most interesting one with a sludge blanket within the thickening zone. We
comment more on [139] in Sect. 7.4. Kumar et al. [176, 177] perform steady-state
analyses using three ODEs for the biological reactor (biomass and two substrates)
and a limiting flux condition for the settler. However, as is done in many references
above regarding ad hoc simulations of the ASP, they assume that the settler always
satisfies an optimal condition no matter what the influent volumetric flow rate Q is.
Since this is not true, the results are not reliable. In the next section, an analysis of
a similar model of the ASP is presented. The reactor is modelled by two equations
and, in contrast to all previous works, the available results for PDE solutions for the
settler are utilized.

7.4 Fundamental Properties of a Reduced First-Order
Model of the ASP

The recent results on the first-order model (7.12) by the author in [76-78,81] make it
possible to proceed and investigate a simple first-order model of the ASP. Some new
results on the steady-state solutions of such a model are presented in this section.

7.4.1 A Reduced First-Order Model of the ASP

We shall combine the first-order settler model (7.12) for the particulate biomass and
a similar PDE for the soluble substrate with a reduced-order model for the biological
reactor consisting of two ODEs for the two components. We assume that there is
only one aerobic reactor, which is completely mixed and has the volume V.
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The biomass consumes the substrate and a constitutive relation for this is needed.
The growth rate of biomass, denoted by u [time™!], increases with the dissolved
oxygen concentration up to a critical level, after which it is approximately constant.
We assume that the oxygen concentration is always sufficiently high and thus ignore
a possible dependence. As a function of the substrate concentration, we assume that
W € C? and that it satisfies the following properties, where i is a constant:

w(0) =0, Jim pu(S) = i,
(7.17)
w(S)>0, S >0, w'(§) <0, S>0.

The most common example of such a constitutive relation is the Monod relation

n(S) =t ; (7.18)

K+S

where K is the half-saturation coefficient.

Let S(x,t) denote the substrate concentration in the settler. In the same way
as for the particulate concentration u(x, t), it is convenient to extend the bounded
interval (—H, B) for the settler to the whole real line and define

Se(t) := S(—H —0,1), Su(?) := S(B +0,1),
us(t) ;= u(—H —0,1), uy(t) ;= u(B +0,1).

The convective flux function for the soluble substrate contains no batch settling flux
term:
~Umo gy <
F(S,x,r,w, Q) :=
r+w0
TS’ x > 0.

The mass balances for the two species in the reactor and settler yield the following
model equations, cf. Fig. 7.2,

d Sy w(Sr)

Vo = Q8+ 708 — (4108 —V——u (7.19)

V% = Quin +7rQuy— (1 +7)Qus + V(;L(Sf)—b)uf, (7.20)
aS .

Agy+ Az (F(S.x.rw.0)) = (1+1)0S(x). (7.21)

AZ—L; + A%(F(u,x, row, Q)) =1+ r)Qu(x), (7.22)

Here, Y > 0 is a constant yield factor relating substrate usage to organism growth,
b is the death rate of biomass, which is assumed to be a constant less than the
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maximum growth constant fi. (7.22) is the first-order equation (7.12) for the biomass
within the settler and the flux function F is given by (7.13), although we have in
(7.22) written out the dependence on r, w and Q instead of time ¢ as in (7.13). For
the model system (7.19)—(7.22), the inputs are Q(z), Sin(?), uin(?), ‘state variables’
are S¢(1), ug(t), S(x,1), u(x,t), the outputs are Se(t), Sy(¢), ue(t), uy(t), and the
control variables are r(¢) and w(z).

The main control objective of such an ASP model is to minimize the effluent
substrate concentration S, subject to the constraints that (1) no biomass is leaves
through the effluent, i.e. u. = 0, (2) there is a sludge blanket level within the
thickening zone.

Equation (7.21) for the substrate in the settler means a pure linear convection of
liquid with the speed (1 —w)Q /A upwards in the clarification zone and (r +w)Q /A
downwards in the thickening zone. However, the source term implies that there are
infinitely many possible solutions for given initial data. With S := S(04,¢), the
mass in- and outflow at x = 0 yields

(1+7r)0S =@ +w0S: +(1-w)0S_ (7.23)

and this equation does not determine the concentrations S+ uniquely. The natural,
physically relevant and unique solution, which satisfies Condition I" (see [70] for
details), is continuous at x = 0, i.e. S_ = S . Equation (7.23) then yields

S0,1) = S+ = Si(2). (7.24)

For time independent Q, r and w, the following relations hold (recall that H is the
height of the clarification zone and B the depth of the thickening zone):

HA
Se([) =Sf([—m), Su(t) =Sf ([—

Aiming at controlling the ASP (cf. Sect. 7.2.3), it is of key importance to establish
all steady states as functions of the input and control variables.

BA

m) . (125)

7.4.2 The Steady States of the Settler

All steady-state solutions of (7.22) have been charted by the author in [76] with
respect to both their dependence on the feed inputs and the control parameter
Oy = (r +w)Q. It is convenient to use the following two feed inputs: the feed
concentration u; and the feed flux @y := (1 + r)Quy. For fixed Q,, the results
can then be described by means of operating charts, concentration-flux charts, see
Fig.7.5, which are based on the flux function in the thickening zone f(-, Qy).
Regarding the notation in this figure, we refer to [76] for strict definitions. We
assume that the twice continuously differentiable batch-settling flux function f;, has
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Fig. 7.5 Left: The steady-state operating chart. The dotted curve is a part of the graph of the flux
function f(-, Q). The thick graph is the limiting flux curve @}, (-, Q). If the feed point (us, D)
lies on this curve, the settler is critically loaded in steady state, which means that it works at its
maximum capacity (the excess flux £ = 0). A feed point below this graph means that the settler is
underloaded (E < 0), and above means overloaded (E > 0). Each region corresponds to a specific
steady state which is unique, except on the limiting flux curve (and on £3 and {5), where the location
of a discontinuity in the thickening and/or the clarification zone is not uniquely determined. Note
that the regions in this chart all depend on Q. Right: The control chart with respect to the steady
states. The regions in this chart are fixed (given the batch settling flux f). For example, A, is the
region defined by all points of £,(Q,) for all O, >0

precisely one inflection point u;,g, see Fig. 7.3 (left). Two important concentrations
related to the flux function f(-, Q,) are the following. If the volumetric flow rate
Q. is not too high, there is a local minimum point uy(Q,) on the right of u;,g,
see Fig.7.5 (left). For low values of Q,, we may have uM(Qy) = umax. The
concentration u,(Q,) is then defined as the lower one with the same flux value.
These two values are precisely those found above and below the sludge blanket in
the most desired steady-state solution. The settler is then said to work in optimal
operation in steady state. For details, including a generalized definition of optimal
operation for a dynamic solution, we refer to [76-81].

For the purpose of the present paper, the unit on the flux axis has been chosen
to mass per time unit, denoted by @, whereas the unit of the flux function f (mass
per time and cross-sectional area unit) has been used in the previous papers. The
limiting flux function is defined as (Chancelier et al. [50]):

¢lim(uv Qu) ‘= min Af(V, Qu)

U=V=tmax

_ Af(u, Qu), u € [0, un(Qu)] U [”M(Qu)’ ”max]’ (7.26)

Af(uM(Qu)y Qu), ue (”m(Qu)’ uM(Qu))

Figure 7.5 (left) shows the steady-state operating chart, in which the location of
the feed point (us, @r) determines the type of steady-state solution. The same chart,
however with less additional information, was earlier presented by Lev et al. [139].
They came to that conclusion based on physical considerations on mass balances,
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discussions on the continuity equation with and without a small diffusion term
and on some assumptions on the solution of these equations, e.g. on monotonicity,
stability and that the concentration is constant within the clarification and thickening
zone (for the hyperbolic equation), respectively. The reason for the agreement with
the chart in Fig. 7.5 (left) is that their assumptions were correct for the solutions
corresponding to the interior of the five regions (%; and 0;). As was shown in [76],
the solutions corresponding to the boundaries of these five regions (the lines ¢;) may
have discontinuities within the clarification and thickening zones, and this fact is
crucial for the operation and control of the settler, since the sludge blanket is such a
discontinuity. Every steady-state solution is piecewise constant and non-decreasing
with depth; see [76, Table 1] for a complete table accompanying Fig. 7.5 (left). Of
particular interest are the steady-state solutions as (ug, @¢) € p U £, U €3, since then
the state of optimal operation is possible.

Consider a stand-alone settler and a given feed point (ug, @) in the control chart,
Fig.7.5 (right). The excess flux is then defined as (cf. [76])

E(us, @5, Qy) := & — @iim(ug, Q)  (stand-alone settler).

Then there is a unique value Qu and a unique graph @y, (-, Qu) that passes through
the feed point, see [76, Theorem 2]. With this unique value Qu of the control
parameter for the settler, defined implicitly by the equation E (ug, P, Qu) =0,
the settler is critically loaded in steady state. If (ug, &) € P} U A, U Az, (see
Fig.7.5, right), then there is a possibility for control actions such that the settler
can be put in the optimal-operation state with a sludge blanket in the thickening
zone. There is a slight difference between the two concepts ‘critically loaded’ and
‘optimal operation’ and we refer to the series [76-81] for the details.

For a coupled settler within the ASP, the situation is more complicated because
of the recirculation. The feed flux @ = (1 + r)Qus then depends on the control
parameter r. For the settler within the ASP, we define the excess flux as

E(ug,r,w, Q) == (1 + r)Qus — Py (ur, (r +w)Q)  (settler in ASP).  (7.27)

The fluxes in the clarification and thickening zones, denoted by @ and Py,
respectively, are independent of depth in steady state. The concentration within
each of these zones, as a function of depth, is generally piecewise constant. The
following holds for the flux in the thickening zone for any steady-state solution [76,
Corollary 1]:

Oy, = min (D, Piim (s, (r +w) Q).

This fact is the missing link in previous attempts of analyzing similar ASP models.
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7.4.3 The Steady States of the ASP

Because of the linear convective transport of the substrate in the settler (7.25) and
the continuity (7.24), the stationary substrate concentration is the same in the reactor
and the settler, i.e.

S = 8¢t = S. = Sy in steady state.

The steady-state equations for the ASP model are

O(Sin—8) — V“(Ys)uf =0, (7.28)
Quin + rQuy — (1 +r)Qus + V(u(S) — b)us = 0, (7.29)
&= (1+7)Quy, (7.30)
Py, = min (P, Piim (us, (r +w) Q)), (7.31)
Py, = (r +w)Quy, (7.32)
P = Doy + D, (7.33)
@D = (1 —w)Que. (7.34)

Given fixed values of the three inputs Q, S, and uj,, and the two control
parameters r and w, (7.28)—~(7.34) constitute a nonlinear system of equations
for the seven variables S, ug, uy, e, @, P and Dy,. Note that all these 12
quantities are non-negative. We assume that Q > 0, since the case Q = 0 is
uninteresting. Equations (7.28)—(7.32) and the properties (7.17) of u imply directly
the following:

e § < S

e Sihn =0 < S = 0 holds. Then there is no need for the ASP at all (although one
can find a positive unique solution for the biomass if uj, > 0; we leave this case
to the reader).

e § = Si» > 0 imply that the biomass concentrations are zero in the entire system
as well as u;, = 0.

e 0<S <S8 u>0.

All in all, we assume that 0 < S < Sj, and Q > 0 hold corresponding to the
interesting stationary solutions. Equations (7.28) and (7.30) motivate the following
convenient notation

Y

Ui(S) = ——(Sin—S), 0<S < Sin, (7.35)
p(S)T
D(Ui(S)) := (1 4+ r)QU(S), (7.36)
where
T .=

v
o
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This is the hydraulic retention time for an uncoupled bioreactor. Then the system of
(7.28)—(7.34) can be rewritten equivalently as

ur = Uf(S), (7.37)

L(S) := &¢(Ux(S)) (1 + 1Tr)

_ H—Lw min (‘Df(Uf(S)), Piim (Ur(S), (r + w)Q)) +Y0S

= (YSin + uin) Q, (7.38)

& = O(U(9)). (7.39)

Dy, = min (P, Piim (us, (r +w) Q). (7.40)
P

w0 (7.41)

b = Pr — Dy, (7.42)

v = — 2 (7.43)

(1-wo

In the second equation the left-hand side is a function of S’ denoted by L. We shall
show below that this equation has a unique solution. Then the rest of the variables
are determined explicitly by the other equations.

In the figures below (Figs.7.6-7.9) we exemplify different functions and have
used the following parameter values and constants of the system (7.37)—(7.43) and
the growth rate function (7.18):

0 =1,000mh~!, S, =02kgm™>, u, =0.1kgm™>,

V =2,000m’, A =1,500m?2, Y =07,
h=0.01h" f=0.1h" K =0.15kgm ™3,
r=1, w = 0.01.

The settling velocity function vy can be found in Fig. 7.6.

Lemma 1. Assume that 0 < v, € C? is a decreasing function with vs(Umay) = 0,
the batch settling flux function f,(u) = vs(u)u has precisely one inflection point
Uini € (0, umax) (cf- Fig. 7.3 (left)) and that the parameters Q > 0, r > 0 and
0 <w < 1 are fixed. If

vs(0) > ge := % = %

then the following equation with the excess flux function (7.27)
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Fig. 7.6 Left: The settling velocity function chosen is v() = 10(e ™03 — ¢=0-3%mx) =1
with ey = 15kgm™>. Right: The flux function g in the clarification zone and its positive zero
u, ~ 7.55kgm™3
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Fig. 7.7 Left: The excess flux as a function of u given by (7.27) with its zero ugim ~ 6.88kg m73.
The dotted graph is —Ag. Right: Graph of the function U;(S) defined by (7.35). The value of S
corresponding to a steady-state solution with a critically loaded settler is Sy, &~ 15.5gm™3
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Fig. 7.8 Left: The excess flux as a function of S, with the properties (7.52). Right: The two
functions L and L,
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Fig. 7.9 Left: The left-hand side of (7.38) as a function of S. The concentration S; satisfies
L(S) = L(Si) = YQSi, = 140kgh™!. The right-hand side of (7.38) is (YSiy, + uin)Q =
240kgh™! and the steady-state solution is § = Sy &~ 18.8 gm™3. Right: The location of the feed
point below the limiting flux curve. The settler is underloaded

E@,rw,0)=0 <= (1+r)Qu= Pjin(u.(r +w)Q) (7.44)

has a unique solution ugyim € (0, Umax). Furthermore, the following properties hold
foru € (0, Umax):
Ew)S0 <= uZu;
= = f,lim»
(7.45)
E (u) is increasing for u > ug jim.

Proof. Recall that g(u, Q.) = fo(u) — geut = (vs(u) — ge)u is the flux function
in the clarification zone, where ¢, := Q./A = (1 — w)Q/A is the upward bulk
speed. Since we have assumed that the settling speed vy is a decreasing function and
vs(0) > g, holds, we can define u, as the unique positive solution of the equation
vs(u) = ge, that is, u, is the largest zero of g(:, Q.), see Fig.7.6. It follows partly
that 0 < u, < umax, partly that (for 0 < u < upax)

usu, <<= vwzqg. <<= gl =0. (7.46)
Suppressing the parameters r, w and Q, the excess flux (7.27) can be written
E(I/t) = ¢f(u) - (D]im (u)

_ )+ Qu—Af(u) = —Ag), u &[0, un] U [unm, thmax],

(7.47)
(1 +7r)Qu— Af(um), u € (Um, tm).

This is a continuous function that satisfies £(0) = 0, see Fig.6 (left). By virtue
of (7.46) we can conclude that there exists a unique positive zero of E, which we
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denote by ugjim. If u, € (0, un] U [um, Umax), then ugjim = u, holds. If u, € (um, um),
then (um, Un) D Urim < U, holds. Furthermore, the properties (7.45) also follow.
O

There is a unique relation between the biomass and the substrate concentrations
in the reactor given by uy = Ug(S), see (7.35) and (7.37). A graph of this function
is shown in Fig. 6 (right). Differentiation gives

I Y I
Ui (S) = —W(M(S) + (Sin — SHK'(S)).

" _ Y / L U 2 .
UL(S) = -y (I S) + (S = )W) = 1 (S)n(S) ).

The properties (7.17) of u imply the following:

lim Ui(S) = oo, Ur(Sin) = 0,
S0t (7.48)
U/(S)<0 and U{(S)>0 for 0<S < Si.

Given the constants up, Um, Us jim and Umax, we can define Sy, Sm, Siim and Smin each
as the unique solution (in the interval (0, Si,]) of each of the following equations:

Ui(Sm) = tm, Ui (Stim) = Ut lim.

(7.49)
Ui(Sm) = um, Ut(Smin) = Umax-
Theorem 2. Assume that vy € C2[0, upay] is a decreasing function with vg(imax) =
0, that fy, has precisely one inflection point uing € (0, Umay), that 1 € C? satisfies
(7.17) and that the parameters Q > 0, Sip > 0, ujp > 0, r > 0and 0 <w < 1 are
fixed and satisfy

Q. (1—=w0
S 0 e = — = ———,
() >q A A
YSin + tin < YSpin + umax(l + b‘L’) (7.50)

Siim < S,

where S is the unique minimum of Ly defined by (7.53). If uin > 0, then the system
(7.37)~(7.43) has a unique non-negative solution that satisfies S € [Smin, Sin),
ug, uy € (0, umax] and ue € [0, umax]. If uin = 0 and

o> ratn
u(Sin) > ‘L’(r Fw) +b (7.51)

holds, then there exist two solutions; partly a non-negative solution that satisfies
S € [Smin> Sin), s, ty € (0, umax] and ue € [0, umq]; partly the trivial solution with
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S = Sin and all biomass concentrations equal to zero. If uy, = 0 and (7.51) is
violated, then only the trivial solution exists.

Remark 3. The reason for the presence of inequality (7.50) is only to assure that the
feed concentration of the steady-state solution satisfies uf < umax. With our example
values of the parameters, the inequality (7.50) reads 0.14 + 0.1 < 0.0049 + 15(1 +
0.02) [kgm™].

Proof. Equation (7.37) means that there is a unique correspondence between us and
S. The same holds between the feed flux & and S via (7.36). We shall now prove
that (7.38) has a unique solution S. Then the other equations explicitly determine
the remaining variables. We start by examining the minimum term of (7.38), which
is the flux in the thickening zone @y, see (7.40), as a function of ur = U(S). Note
that the subtraction between @ and Py, in the minimum term equals the excess
flux (7.27). Recall Lemma 1 and the unique value us i, and its corresponding Siim
defined by (7.49). Since U;(S) is decreasing we can write the properties (7.45) in
the following way for S € (0, Sin):

E(UK(S)) = @(UK(S)) = Pim(Ui($)) S0 < S
E(Uf(S)) is decreasing for S < Sy,

NIV
%)
c

cf. Fig.7.
Hence, we can write

LO ’ im»
L(S)Z 1(S) 0<S<§
Lul(S)7 Slim S S S Sin’

where ‘ol’ and ‘ul’ refer to an overloaded and underloaded settler, respectively, and
where

Lo(S) 1= QUI(S)(1 + 7 + b7) — —— @y (UK(S)) + YOS,
r+w
Lu(S) == QUK(S) ((1—+) + bt ) + YOS, (7.53)

see Figs. 7 (right) and 7.9 (left). The properties (7.48) imply the following properties
of Luli

Ly(S) = o0, S — 0+,

Lu(Sin) = YOSin = L(Sin),

(w(l + r)
+w

LI\(S) = QU/(S) ) 20, 0<S<S,.

This means that L, is either decreasing on the entire interval (0, Si,] or unimodal
with a local minimum within (0, Sj,). Noting that
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Loi(S) = Lu(S) = HLW (1(UK(S)) — P (UK(S))) = HLWE(U«S)),
(7.54)
we can write

Lu(S) + =5 E(Ui(S)). 0<S < Siim,

L(S) =
Lu(S), Sim =S = Sin,

By (7.52), we can now conclude that L has the same property as L, namely, it is
either decreasing on the entire interval (0, Si,] or unimodal with a global minimum
point within (0, Si,). The right-hand side of (7.38) satisfies (Y Si, + uin)Q >
YOSy, = L(Sp), with strict inequality iff w, > 0. If uy, > 0, then (7.38) has a
unique solution S¢ € (0, Sj,) (cf. Fig. 7.9, left). If uy, = 0, the trivial solution with
S = Sj, and all biomass concentrations equal to zero is one possibility. Note that
condition (7.51) is equivalent to

Foan 3 1 w(l +7r)
Ly(Sin) =YQ (1 5w (T(r ) +b)) > 0.

If ui, = 0 and L};(Sin) > 0, then L, is unimodal and there exist two solutions. If
uin = 0and L/,(Sin) < 0, then L, is decreasing on (0, Siy] and the only solution
is the trivial one with zero biomass concentrations. It remains to prove that the
non-trivial solution satisfies S > Sy, which is equivalent to uy < wup.x. Then
all biomass concentrations in the settler and the outlets are less than or equal to upx
(see [71, Theorem 6.2]). Suppose first that S¢ > Syin. Since Uy is decreasing, we
have
Ut(Siim) = utlim < Umax = Ur(Smin) <= Siim > Smins

hence Sy > Spin holds. Suppose now that S < Sy, holds. The properties on L
implies that it is decreasing on (0, S¢]. Then we have the following equivalence:

Sf = Smin — L(Sf) = L(Smin)v (755)

where we want to prove the former inequality. Since the left-hand side of the latter
inequality is L(Sf) = Q (Y Siy + uin) and the right-hand side is

r
L(Smin) = Lol(Smin) = Qumax(l +r+ bf) - r_i_—w(plim(umax) + YQSmin

= Quuax(1 +7r + b1) — HLW(Afb(umax) + (r + w)QumaX) + YO Smin

=0

= Q(umax(l + b‘L’) + YSmin)a

we can conclude that the inequality (7.55) is equivalent to (7.50). |
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The values of the steady-state solution in the example, supported by Figs. 6-7.9,
are given by

S =S~ 188gm>, up ~ 5.70kgm™>, Py ~ 13,754kgh™",
& = Oy, ~ 11,399kgh™, uy ~ 11.3kgm™>, &y = 0kgh™!.

The location of the feed point can be seen in Fig. 7.9 (right).

In the description of the ASP in Sect. 7.2.2, it was argued that although w should
be small, it has to be nonzero because of the growth of the biomass. This is in
accordance with the corresponding stationary solution as w = 0. From (7.29)—(7.33)
we can infer that w = 0 yields

0 <@g =V(u(S)—b)us+ Quip

and we cannot expect the right-hand side to be zero, since (7.28) determines the
relation between S and us. Hence, @,; > 0 holds generally and there is an overflow
of biomass.

7.5 Conclusions

A main physical observation of the continuous-sedimentation process is that under
optimal operating conditions there is a concentration discontinuity, the sediment
level or sludge blanket level, within the thickening zone. The need for controlling
the location of this discontinuity, under time-varying input concentration and flow,
has been a driving force for fundamental experimental and theoretical research with
published results in different fields during a century. This type of “shock-wave
behaviour” can also be found in other processes, for example, traffic flow along a
motorway. An additional complication arise as a concentration shock wave moves to
the inlet or outlets of the sedimentation tank, or a vehicle density shock wave moves
to a motorway entrance. For a proper description of such phenomena, fundamental
research on nonlinear PDEs with discontinuous coefficients has been inevitable.
It started in the 1990s and comprises well-posedness (existence, uniqueness,
stability), numerical analysis, automatic control and inverse problems. The author’s
contributions in relation to others have been discussed in Sect.7.3. No detailed
results are given except for the following curiosity, that provides an example of
the importance of applied mathematics.

The most well-known publication in the sedimentation history is the one by
Kynch [135] in 1952. It contains a widely used graphical method for estimating
a part of the batch settling flux function. Utilizing basic knowledge of first-order
hyperbolic PDE:s, the author presented in [79] simple explicit formulae as a solution
of this problem. In Sect.7.3.2, it is demonstrated that these formulae can actually
be obtained by Kynch’s own arguments. It is remarkable that despite Kynch’s paper
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has been cited in several hundreds of publications, these formulae have not been
discovered before.

The fact that the continuous-sedimentation process can be seen as a “rich
problem” is further emphasized by the fact that the process is a critical part of the
complex activated sludge process, which can be found in most wastewater treatment
plants. The simplest possible model of such a system contains two ODEs and two
PDEs. Although similar models can be found in the literature, there is no utilization
of PDE theory. Instead, further assumption have been used with questionable results,
such as non-uniqueness of stationary solutions.

In Sect. 7.4, a simple model of an ASP is provided by the system of equations
(7.19)—(7.22). Under normal operating conditions, the existence and uniqueness of
a stationary solution is established in Theorem 2. The result is obtained only for
the first-order hyperbolic model. Thus, most of the issues in applied mathematics
mentioned in Sect.7.2.3, from well-posedness to inverse problems, are still to be
explored even for a simple model for the ASP.

Acknowledgements Iam grateful to Raimund Biirger and Sebastian Faras for valuable comments
on the manuscript.
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Abstract In this paper we develop a family of multi-scale algorithms with the use
of filter functions in higher dimension.

While our primary application is to images, i.e., processes in two dimensions, we
prove our theorems in a more general context, allowing dimension 3 and higher.

The key tool for our algorithms is the use of tensor products of representations of
certain algebras, the Cuntz algebras Oy, from the theory of algebras of operators in
Hilbert space. Our main result offers a matrix algorithm for computing coefficients
for images or signals in specific resolution subspaces. A special feature with our
matrix operations is that they involve products and iteration of slanted matrices.
Slanted matrices, while large, have many zeros, i.e., are sparse. We prove that
as the operations increase the degree of sparseness of the matrices increase. As
a result, only a few terms in the expansions will be needed for achieving a good
approximation to the image which is being processed. Our expansions are local in a
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8.1 Introduction

The paper is organized as follows: first motivation, history, and discussion of our
applications. Since a number of our techniques use operator theory, we have a
separate section with these results. We feel they are of independent interest, but
we have developed them here tailored to use for image processing.

A key tool in our algorithms is the use of slanted matrices, and tensor products
of representations. This material receives separate sections. The significance of the
slanted property is that matrix products of slanted matrices become increasingly
more sparse (i.e., the resulting matrices have wide patterns of zeros) which makes
computations fast.

Motivation and Applications. We consider interconnections between three sub-
jects which are not customarily thought to have much to do with one another: (1) the
theory of stochastic processes, (2) wavelets, and (3) sub-band filters (in the sense of
signal processing).

While connections between (2) and (3) have gained recent prominence, see for
example [9], applications of these ideas to stochastic integration is of more recent
vintage. Nonetheless, there is always an element of noise in the processing of signals
with systems of filters. But this has not yet been modeled with stochastic processes,
and it hasn’t previously been clear which processes do the best job.

Recall however that the notion of low-pass and high-pass filters derives in part
from probability theory. Here high and low refers to frequency bands, but there may
well be more than two bands (not just high and low, but a finite range of bands). The
idea behind this is that signals can be decomposed according to their frequencies,
with each term in the decomposition corresponding to a range of a chosen frequency
interval, for example high and low. Sub-band filtering amounts to an assignment of
filter functions which accomplish this: each of the filters will then block signals
in one band, and passes the others. This is known to allow for transmission of the
signal over a medium, for example wireless. It was discovered recently (see [9]),
perhaps surprisingly, that the functions which give good filters in this context serve
a different purpose as well: they offer the parameters which account for families of
wavelet bases, for example families of bases functions in the Hilbert space L?(R).
Indeed the simplest quadrature-mirror filter is known to produce the Haar wavelet
basis in L2(R).

It is further shown in [9] that both principles (2) and (3) are governed by families
of representations of one of the Cuntz algebras Oy, with the number N in the
subscript equal to the number of sub-bands in the particular model. So for the Haar
case, N = 2.

A main purpose in this paper is pointing out that fractional Brownian motion
(fBm) may be understood with the data in (2) and (3), and as a result that fBm
may be understood with the use of a family of representations of Oy ; albeit a quite
different family of representations from those used in [9].

A second purpose we wish to accomplish is to show that the operators and
representations we use in one dimension can be put together in a tensor product
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construction and then account for those filters which allow for processing of digital
images. Here we think of both black and white, in which case we will be using a
single matrix of pixel numbers. In the case of color images, the same idea applies,
but then we will rather be using three matrices accounting for exposure of each of
the three primary colors. If one particular family F of representations of one of the
Cuntz algebras Oy is used in 1D, then for 2D (images) we show that the relevant
families of representations of &y are obtained from F with the use of tensor product
of pairs of representations, each one chosen from F'.

8.1.1 Interdisciplinary Dimensions

While there is a variety of interdisciplinary dimensions, math (harmonic, numerical,
functional,...), computer science, engineering, physics, image science, we will
offer some pointers here some pointers to engineering, signal and image processing.

Engineering departments teach courses in digital images, as witnessed by such
standard texts as [11]. Since 1997, there was a separate track of advances involving
color images and wireless communication, the color appearance of surfaces in the
world as a property that allows us to identify objects, see e.g., [17,29], and [7,8,30].

From statistical inference we mention [28]. Color imaging devices such as
scanners, cameras, and printers, see [26]. And on the more theoretical side, CS, [10].

8.2 History and Motivation

Here we discuss such tools from engineering as sub-band filters, and their manifold
variations. They are ubiquitous in the processing of multi-scale data, such as arises
in wavelet expansions.

A powerful tool in the processing of signals or images, in fact going back to the
earliest algorithms, is that of subdividing the data into sub-bands of frequencies.
In the simplest case of speech signals, this may involve a sub-division into the low
frequency range, and the high. An underlying assumption for this is that the data
admits such a selection of a total finite range for the set of all frequencies. If such a
finite frequency interval can be chosen we talk about bandlimited analog signals.
Now depending of the choice of analysis and synthesis method to be used, the
suitability of bandlimited signals may vary. Shannon proved that once a frequency
band B has been chosen, then there is a Fourier representation for the signals, as
time-series, with frequencies in B which allow reconstruction from a discrete set of
samples in the time variable, sampled in an arithmetic progression at a suitable rate,
the Nyquist rate. The theorem is commonly called the Shannon sampling theorem,
and is also known as Nyquist-Shannon—Kotelnikov, Whittaker—Shannon, WKS,
etc., sampling theorem, as well as the Cardinal Theorem of Interpolation Theory.
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While this motivates a variety of later analogues to digital (A/D) tools, the current
techniques have gone far beyond Fourier analysis.

Here we will focus on tools based on such multi-scale which are popular in
wavelet analysis. But the basic idea of dividing the total space of data into subspaces
corresponding to bands, typically frequency bands, will be preserved. In passing
from speech to images, we will be aiming at the processes underlying the processing
of digital images, i.e., images arising as a matrix (or checkerboard) of pixel numbers,
or in case of color-images a linked system of three checkerboards, with the three
representing the primary colors.

While finite or infinite families of nested subspaces are ubiquitous in mathe-
matics, and have been popular in Hilbert space theory for generations (at least
since the 1930s), this idea was revived in a different guise in 1986 by Stéphane
Mallat. It has since found a variety of application to multiscale processes such as
analysis on fractals. In its adaptation to wavelets, the idea is now referred to as the
multiresolution method.

What made the idea especially popular in the wavelet community was that it
offered a skeleton on which various discrete algorithms in applied mathematics
could be attached and turned into wavelet constructions in harmonic analysis. In
fact what we now call multiresolutions have come to signify a crucial link between
the world of discrete wavelet algorithms, which are popular in computational
mathematics and in engineering (signal/image processing, data mining, etc.) on
the one side, and on the other side continuous wavelet bases in function spaces,
especially in L?(R¢). Further, the multiresolution idea closely mimics how fractals
are analyzed with the use of finite function systems.

8.3 Operator Theory

Those key ideas multi-scale, wavelets, image processing, and the operator theory
involved discussed about, and used inside our paper are covered in a number of
references. Especially relevant are the following [2—4,9, 16, 19-21], but the reader
will find additional important reference lists in the books [9] and [19]. A key idea
in the analysis we present here is to select a Hilbert space which will represent
the total space of data; it may be L?(R?) for a suitable chosen d for dimension;
or it may be anyone of a carefully selected closed subspaces. A representation of
a function in d variables into an expansion relative to an orthogonal basis (or a
frame basis) corresponds to a subdivision of the total space into one-dimensional
subspaces. But to get started one must typically select a fixed subspace which
represent a resolution of the data (or image) under consideration, then the further
subdivision into closed subspaces can be accomplished with a scaling: The result
is a family of closed subspaces, each representing a detail. There will then be a
system of isometries which account for these subspaces, and there will be a scaling
operation which makes (mathematically) precise the scale-similarity of the data in
different detail-components of the total decomposition.
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In wavelets, the scaling is by a number, for example 2, for dyadic wavelets. In
this case, there will be two frequency bands. If the scale is instead by a positive
integer N > 2, then there will be N natural frequency bands.

For images, or higher dimensional date, it is then natural to use an invertible
d x d matrix (over the integers), say A, to model a choice of scaling. Scaling will
then be modeled with powers of A4, i.e., with Al as J ranges over the integers Z. In
this case, the number of frequency bands will be N := |det(A)|.

Here we review a harmonic analysis of isometries in Hilbert space. Our results
are developed with view to applications to multi-scale processes. In the Hilbert
space framework, this takes the form of an exhaustion of closed subspaces, a
monotone family of closed subspaces where one arises from the other by an
application of a scaling operator.

But in mathematics, or more precisely in operator theory, the underlying idea
dates back to work of John von Neumann, Norbert Wiener, and Herman Wold,
where nested and closed subspaces in Hilbert space were used extensively in an
axiomatic approach to stationary processes, especially for time series. Wold proved
that any (stationary) time series can be decomposed into two different parts: The
first (deterministic) part can be exactly described by a linear combination of its own
past, while the second part is the opposite extreme; it is unitary, in the language of
von Neumann.

von Neumann’s version of the same theorem is a pillar in operator theory. It states
that every isometry in a Hilbert space .7 is the unique sum of a shift isometry and a
unitary operator, i.e., the initial Hilbert space .7 splits canonically as an orthogonal
sum of two subspaces .7; and .7, in .77, one which carries the shift operator, and
the other /7, the unitary part. The shift isometry is defined from a nested scale of
closed spaces V;;, such that the intersection of these spaces is .77;,. Specifically,

eV clVyecricWv, eV, C Vg Coee
N\ Vi = Hi and \/ V, = 7.
n n

However, Stéphane Mallat was motivated by the notion of scales of resolutions
in the sense of optics. This in turn is based on a certain “artificial-intelligence”
approach to vision and optics, developed earlier by David Marr at MIT, an approach
which imitates the mechanism of vision in the human eye.

The connection from these developments in the 1980s back to von Neumann is
this: Each of the closed subspaces V,, corresponds to a level of resolution in such a
way that a larger subspace represents a finer resolution. Resolutions are relative, not
absolute! In this view, the relative complement of the smaller (or coarser) subspace
in larger space then represents the visual detail which is added in passing from a
blurred image to a finer one, i.e., to a finer visual resolution.

Subsequently, this view became popular in the wavelet community, as it offered
a repository for the fundamental father and the mother functions, also called the
scaling function ¢, and the wavelet function 1 (see details below). Via a system of
translation and scaling operators, these functions then generate nested subspaces,
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Fig. 8.1 Multiresolution. L?(R%)-version (continuous); p eV, Y eEWy
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Fig. 8.2 Multiresolution. /2(Z)-version (discrete); ¢ € Vy, v € W,

and we recover the scaling identities which initialize the appropriate algorithms.
This is now called the family of pyramid algorithms in wavelet analysis. The
approach itself is called the multiresolution approach (MRA) to wavelets. And in
the meantime various generalizations (GMRAs) have emerged.

In all of this, there was a second “accident” at play: As it turned out, pyramid
algorithms in wavelet analysis now lend themselves via multiresolutions, or nested
scales of closed subspaces, to an analysis based on frequency bands. Here we refer
to bands of frequencies as they have already been used for a long time in signal
processing.

One reason for the success in varied disciplines of the same geometric idea
is perhaps that it is closely modeled on how we historically have represented
numbers in the positional number system. Analogies to the Euclidean algorithm
seem especially compelling.

8.3.1 Multiresolutions

Haar’s work in 1909-1910 holds implicitly the key idea which got wavelet
mathematics started later with Yves Meyer, Ingrid Daubechies, Stéphane Mallat,
and others (see [19] for a resent bibliograph)-namely the idea of a multiresolution.
See Figs. 8.1 and 8.2 for details.

This refers to f,(x) = D ;e vk@(- — k), as a representation by numbers v =
(vk) € [*(Z). The dyadic scaling operator as a unitary operator in L?(R), U =
L&),

There are three different ways of representation, function, sequence, each
represented by a link as follows:

LP*R) DI~ L*0,1): f «—>v<«—>V

Yo = (), 12 = LX(T), v = () € I*(Z).
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Representation of Fourier series:

k
Vi = (Z vv)Lz('lT)’
l .
Vi = / e 2k (n)dt,
0

1
>l = [ o

kEZ

Generating functions (engineering term):

H(z) = thzk where z = eizf”, and Zk — pi2mkt
kez

An equivalent form of the dyadic scaling operator U in L*(R) is as follows:
U :V?% — V? soU restricts to an isometry in the subspace V7.

W) = 0 (3)

= ﬁZhjgo(x—j).
J
Set ¢ = @(- — k); then we have

W) = 0 (3)

e
()

= V2 hjp(x =2k - j)
J

= ﬁzhj¢2k+_/~
J
It follows that
U ZVk(Pk = \/EZZthZk—I
k Ik

= V2> hyp(x —1) ifweletl =2k — j.
1
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As aresult, we get:

(MHV)Z = \/EZ /’lzk_:,.lvk;

keZ

and

(Mu8y)i = N2 hati8pk = hapyi.
k€Z

Lemma 1. Setting W : f, — Y ,c,vie0(- — k) € V¢ and (Sof))(z) =
H (2) f,(z%), we then get the intertwining identity WSy = UW on V¢.

Proof.
(WSOfv)(x) = (WfSov)(x)
= > (Soip(x —k)

k€Z
= e

1 X
= Efv(i) = (UWf)(x). .

Note that the isometry Sy = Sy and S| = S¢ are &, Cuntz algebra.

sl hap—i hapiss -+
o hop—i—1 hop—jt1 -+

S({Sl are isometries for j = 0, 1,2, --- that generate O,

o QJ J * _ QJ * Q*J _ Jo*J JHlg*j+1
Q; = 858155 81)" = 8581578, L= *SOSO =85S, ,
S187=1-50S, P; Pjy

Y0, = (Pi—Piy1)=1— Py v !
=0 =0

since

Pyy1 = SpHISg" T — 0 by pure isometry lemma in [19].

Recall an isometry S in a Hilbert space % is a shift if and only if limy 0o SV
S*N' = 0. L? is same as resolution space ~ V¢. The operators Are as follows:
Oy = Slsl*, 0 = S()SlSl*S(;k = S0S1(S0S1)*. Note that Qg = I — Py, and
Qj=Pj = Pjt1.
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Vik(x) =272 x + k), j =0,1,2,---

YD iatin =YD Q=Y > (SySISTSy Vi

If we now take the adjoint of these matrices, these correspond to the isometries.
S§~ Mj ~ F,

Sk~ Mg~ F.

Theorem 2. The wavelet representation is given by slanted matrices as follows:

S (FF v = fo
i = (Wja f) = [ ¥ () f(x)dx,

In this figure we have the following configuration of closed subspaces: --- C
Voo c WV C---, Vo + Wy = V). The word “multiresolution” suggests a
connection to optics from physics. So that should have been a hint to mathematicians
to take a closer look at trends in signal and image processing! Moreover, even
staying within mathematics, it turns out that as a general notion this same idea
of a “multiresolution” has long roots in mathematics, even in such modern and
pure areas as operator theory and Hilbert-space geometry. Looking even closer
at these interconnections, we can now recognize scales of subspaces (so-called
multiresolutions) in classical algorithmic construction of orthogonal bases in inner-
product spaces, now taught in lots of mathematics courses under the name of
the Gram—Schmidt algorithm. Indeed, a closer look at good old Gram—Schmidt
reveals that it is a matrix algorithm, hence new mathematical tools involving
non-commutativity!

If the signal to be analyzed is an image, then why not select a fixed but suitable
resolution (or a subspace of signals corresponding to a selected resolution), and
then do the computations there? The selection of a fixed “resolution” is dictated by
practical concerns. That idea was key in turning computation of wavelet coefficients
into iterated matrix algorithms. As the matrix operations get large, the computation
is carried out in a variety of paths arising from big matrix products. The dichotomy,
continuous vs. discrete, is quite familiar to engineers. The industrial engineers
typically work with huge volumes of numbers.

Numbers! — Why wavelets? What matters to engineers is not really the wavelets,
but the fact that special wavelet functions serve as an efficient way to encode large
data sets— encode for computations. And the wavelet algorithms are computational.
Encoding numbers into pictures, images, or graphs of functions comes later, perhaps
at the very end of the computation. But without the graphics, we would not
understand any of this as well as we do now. The same can be said for the many
issues that relate to the mathematical concept of self-similarity, as we know it from
fractals, and more generally from recursive algorithms.
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8.4 The Discrete Versus Continuous Wavelet Algorithms

8.4.1 The Discrete Wavelet Transform

If one stays with function spaces, it is then popular to pick the d-dimensional
Lebesgue measure on R?, d = 1,2,---, and pass to the Hilbert space L*(R¢) of all
square integrable functions on R?, referring to d-dimensional Lebesgue measure.
A wavelet basis refers to a family of basis functions for L?(R?) generated from
a finite set of normalized functions ¥;, the index i chosen from a fixed and finite
index set /, and from two operations, one called scaling, and the other translation.
The scaling is typically specified by a d by d matrix over the integers Z such that
all the eigenvalues in modulus are bigger than one, lie outside the closed unit disk
in the complex plane. The d-lattice is denoted Z¢, and the translations will be by
vectors selected from Z<. We say that we have a wavelet basis if the triple indexed
family

Vi jk(x) = |detA>yi (A7 x + k)

forms an orthonormal basis (ONB) for L?(R¢) as i variesin I, j € Z, and k € R?.
The word “orthonormal” for a family F of vectors in a Hilbert space ¢ refers to
the norm and the inner product in .7: The vectors in an orthonormal family F are
assumed to have norm one, and to be mutually orthogonal. If the family is also total
(i.e., the vectors in F span a subspace which is dense in 77°), we say that F is an
orthonormal basis (ONB).

While there are other popular wavelet bases, for example frame bases, and dual
bases (see e.g., [0, 15] and the papers cited there), the ONBs are the most agreeable
at least from the mathematical point of view.

That there are bases of this kind is not at all clear, and the subject of wavelets in
this continuous context has gained much from its connections to the discrete world
of signal- and image processing.

Here we shall outline some of these connections with an emphasis on the
mathematical context. So we will be stressing the theory of Hilbert space, and
bounded linear operators acting in Hilbert space .77, both individual operators, and
families of operators which form algebras.

As was noticed recently the operators which specify particular subband algo-
rithms from the discrete world of signal- processing turn out to satisfy relations that
were found (or rediscovered independently) in the theory of operator algebras, and
which go under the name of Cuntz algebras, denoted Oy if n is the number of bands.
For additional details, see e.g., [19].

In symbols the C*—algebra has generators (S;)Y- !, and the relations are

N—1
Z S;S* =1 (see Fig. 8.3) 8.1)
i=0
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Fig. 8.3 Perfect reconstruction in a subband filtering as used in signal and image processing

(where 1 is the identity element in Oy ) and

N—1
> 8iSF =1and SFS; = 5 ;1. (8.2)
i=0

In a representation on a Hilbert space, say ¢, the symbols S; turn into bounded
operators, also denoted S;, and the identity element 1 turns into the identity operator
I in J7, ie., the operator I : h — h, for h € 7. In operator language, the
two formulas (8.1) and (8.2) state that each S; is an isometry in 7, and that the
respective ranges S;.7¢’ are mutually orthogonal, i.e., S;5¢ L S; 5 fori # j.
Introducing the projections P; = S; S, we get P; P; = §; ; P;, and

N—1
Y P=1
i=0
Example 8.1. Fix N € Z4. Then the easiest representation of Oy is the following:
Let 5 := [*(Zso), where I' := Z>o = {0} UN = {0,1,2,---}.
SetZy =1{0,1,---, N — 1} = Z/NZ = the cyclic group of order N.
We shall denote canonical ONB in # = [?(I") by |x) = §, with Dirac’s
formalism. For i € Zy set S; = p(s;), given by

Silx) =|Nx+1i), xel (8.3)

then
%) ifx—i=0 mod N

Silx) = .
0 otherwise.

The reader may easily verify the two relations in (8.2) by hand.
For the use of Rep(Oy, ) in signal/image processing, more complicated
formulas than (8.3) are needed for the operators S; = p(s;).
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T SoSH

SoSv | SoSp

Sv Sp

Fig. 8.4 The subdivided squares represent the use of the pyramid subdivision algorithm to image
processing, as it is used on pixel squares. At each subdivision step the top left-hand square
represents averages of nearby pixel numbers, averages taken with respect to the chosen low-pass
filter; while the three directions, horizontal, vertical, and diagonal represent detail differences, with
the three represented by separate bands and filters. So in this model, there are four bands, and they
may be realized by a tensor product construction applied to dyadic filters in the separate x- and
the y-directions in the plane. For the discrete WT used in image-processing, we use iteration of
four isometries Sy, Sy, Sy, andSp with mutually orthogonal ranges, and satisfying the following
sum-rule SoS; + Sy Sy + SySy + SpS;;, = I, with I denoting the identity operator in an
appropriate /?-space

In the engineering literature this takes the form of programming diagrams:
If the process of Fig. 8.3 is repeated, we arrive at the discrete wavelet transform

first detail level

second detail level

third detail level

or stated in the form of images (n = 5).

But to get successful subband filters, we must employ a more subtle family of
representations than those of (8.3) in Example 8.1. We now turn to the study of
those representations (Figs. 8.4 and 8.5).

Selecting a resolution subspace Vy = closure span{o(-—k)|k € Z}, we arrive at
a wavelet subdivision {1/ x|/ > 0,k € Z}, where ¥ (x) = 2//2y(2/ x — k), and
the continuous expansion f = ) ik {Wjk| [ )Yk or the discrete analogue derived
from the isometries, i = 1,2,---,N — 1, Sé‘S[ fork = 0,1,2,---; called the
discrete wavelet transform.
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Fig. 8.5 An example of Fig. 8.4: n = 2 Jorgensen. Jorgensen’s picture after level 2 wavelet

decomposition. Notice that The average, horizontal, diagonal and vertical details are captured
clockwise. Also, the average detail is decomposed one more time since level 2 decomposition
was done

8.4.1.1 Notational Convention

In algorithms, the letter N is popular, and often used for counting more than one
thing.

In the present contest of the Discete Wavelet Algorithm (DWA) or DWT, we
count two things, “the number of times a picture is decomposed via subdivision”.
We have used n for this. The other related but different number N is the number
of subbands, N = 2 for the dyadic DWT, and N = 4 for the image DWT. The
image-processing WT in our present context is the tensor product of the 1-D dyadic
WT, so 2 x 2 = 4. Caution: Not all DWAs arise as tensor products of N = 2
models. The wavelets coming from tensor products are called separable. When a
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particular image-processing scheme is used for generating continuous wavelets it is
not transparent if we are looking at a separable or inseparable wavelet!

To clarify the distinction, it is helpful to look at the representations of the Cuntz
relations by operators in Hilbert space. We are dealing with representations of the
two distinct algebras &5, and Oj; two frequency subbands vs 4 subbands. Note
that the Cuntz &5, and 0, are given axiomatic, or purely symbolically. It is only
when subband filters are chosen that we get representations. This also means that
the choice of N is made initially; and the same N is used in different runs of the
programs. In contrast, the number of times a picture is decomposed varies from one
experiment to the next!

Summary: N = 2 for the dyadic DWT: The operators in the representation are S,
S1. One average operator, and one detail operator. The detail operator S; “counts”
local detail variations.

Image-processing. Then N = 4 is fixed as we run different images in the DWT:
The operators are now: Sy, Sy, Sy, Sp. One average operator, and three detail
operator for local detail variations in the three directions in the plane.

8.4.1.2 Increasing the Dimension

In wavelet theory, [13] there is a tradition for reserving ¢ for the father function and
Y for the mother function. A 1-level wavelet transform of an N x M image can be
represented as
a' | h!
f>|— — 8.4)
| d'

where the subimages h',d', a' and v! each have the dimension of N/2 by M/2.

al =Va @V ot(x,y) = o(x)p(y) = ZZh hjo2x —i)p2y — j)

W' =V @ W,y (x,y) = y(0)e(y) = Zzg, jo2x =)y — j)

vVi=wle v yVxy) =e@)y(y) = ZZh gip(2x —i)p(2y — j)
J
d' =Wy @ W, 1P (x,y) = y()Y(y) = ZZgl-g,m(zx — ey —J)
o (8.5)

where ¢ is the father function and v is the mother function in sense of wavelet, V
space denotes the average space and the W spaces are the difference space from
multiresolution analysis (MRA) [13].

We now introduce operators Ty and T in [? such that the expression on the
RHS in (8.5) becomes Ty @ Ty, T ® Ty, Ty @ Tg and Tg ® Tg, respectively.
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We use the following representation of the two wavelet functions ¢ (father
function), and v (mother function). A choice of filter coefficients (%) and (g;)
is made.

In the formulas, we have the following two indexed number systems a := (h;)
and d := (g;), a is for averages, and d is for local differences. They are really the
input for the DWT. But they also are the key link between the two transforms, the
discrete and continuous. The link is made up of the following scaling identities:

o(x) =2 hip(2x —i):

i€Z

Y0 =2 gieQx—i);
i€z

and (low-pass normalization) ) ,.,h; = 1. The scalars (h;) may be real or
complex; they may be finite or infinite in number. If there are four of them, it
is called the “four tap”, etc. The finite case is best for computations since it
corresponds to compactly supported functions. This means that the two functions
¢ and ¥ will vanish outside some finite interval on a real line.

The two number systems are further subjected to orthgonality relations, of which

_ 1
> hihiyo = %04 (8.6)

i1 €Z

is the best known.

The systems 4 and g are both low-pass and high-pass filter coefficients. In (8.5),
a! denotes the first averaged image, which consists of average intensity values of
the original image. Note that only ¢ function, V' space and % coefficients are used
here. Similarly, h! denotes the first detail image of horizontal components, which
consists of intensity difference along the vertical axis of the original image. Note
that ¢ function is used on y and ¥ function on x, W space for x values and V' space
for y values; and both 4 and g coefficients are used accordingly. The data v! denotes
the first detail image of vertical components, which consists of intensity difference
along the horizontal axis of the original image. Note that ¢ function is used on x
and ¥ function on y, W space for y values and V' space for x values; and both
h and g coefficients are used accordingly. Finally, d' denotes the first detail image
of diagonal components, which consists of intensity difference along the diagonal
axis of the original image. The original image is reconstructed from the decomposed
image by taking the sum of the averaged image and the detail images and scaling by
a scaling factor. It could be noted that only i function, W space and g coefficients
are used here. See [34,37].

This decomposition not only limits to one step but it can be done again and again
on the averaged detail depending on the size of the image. Once it stops at certain
level, quantization (see [33, 36]) is done on the image. This quantization step may
be lossy or lossless. Then the lossless entropy encoding is done on the decomposed
and quantized image.
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The relevance of the system of identities (8.6) may be summarized as follows.
Set

1
mo(z) = 3 thzk forall z € T;
keZ

gk = (=) hy_ forall k € Z;

1
mi(z) == 3 ngzk; and
kez
(S; f)2) = V2m; () f(), for j = 0,1, f € LX(T), zeT.
Then the following conditions are equivalent:

(a) The system of equations (8.6) is satisfied.
(b) The operators Sy and S; satisfy the Cuntz relations.
(c) We have perfect reconstruction in the subband system of Fig. 8.3.

Note that the two operators Sy and S; have equivalent matrix representations.
Recall that by Parseval’s formula we have L*(T) ~ [?*(Z). So representing So
instead as an 0o X oo matrix acting on column vectors x = (x;); ez we get

(Sox)i = V2 ) hiajx;
Jez
and for the adjoint operator Fy := S, we get the matrix representation
(Foxy = 5 3
X)i = ——= i—2iXj
0 NG =2

JEZ

with the overbar signifying complex conjugation. This is computational significance
to the two matrix representations, both the matrix for Sy, and for Fy := S(’)", is
slanted. However, the slanting of one is the mirror-image of the other, i.e.,




8 Scaling, Wavelets, Image Compression, and Encoding 231

8.4.1.3 Significance of Slanting

The slanted matrix representations refers to the corresponding operators in L2,
In general operators in Hilbert function spaces have many matrix representations,
one for each orthonormal basis (ONB), but here we are concerned with the ONB
consisting of the Fourier frequencies z/, j € Z. So in our matrix representations for
the S operators and their adjoints we will be acting on column vectors, each infinite
column representing a vector in the sequence space /2. A vector in [? is said to be
of finite size if it has only a finite set of non-zero entries.

It is the matrix Fy that is effective for iterated matrix computation. Reason: When
a column vector x of a fixed size, say 2 s is multiplied, or acted on by Fy, the result
is a vector y of half the size, i.e., of size s. So y = Fyx. If we use Fy and Fj
together on x, then we get two vectors, each of size s, the other one z = Fjx, and
we can form the combined column vector of y and z; stacking y on top of z. In our
application, y represents averages, while z represents local differences: Hence the
wavelet algorithm.

Y—1 -
Yo :
V1 X_y
F() X—1
| = —— xo |,
Fl X1
X
-1 2
20 L . i
21

y = Fox,

Z=F1X.

8.4.2 Entropy Encoding

In this section we discuss the encoding aspect of our algorithms. While the theory
here dates back to the start of information theory, see [24,25,27,31,32] and the
references cited there, its adaptation to advances in technology have been amazingly
successful, see e.g., [24,25].
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An important part of digital imaging is the choice of encoding, for example the
encoding of the letters in the alphabet, a, b, c, etc. As a rough principle, one selects
the shortest code for the most frequently occurring letter. But to do this, both of
these notions must be quantified.

It is clearly of relevance for efficiency, speed, and error detection. As it turns
out, probabilities and entropy are helpful. Indeed the way Shannon quantified
information a reduction in entropy by an amount A costs A units of information.
We have discussed this part of the theory in more detail in [35], and here we offer
just an example for illustration of the main points.

There are various entropy encoding schemes being used, and one example of it is
Shannon-Fano entropy encoding. In Shannon-Fano entropy encoding, for each data
on an image, i.e., pixel, a set of probabilities p; is computed, where > /_, p; = 1.
The entropy of this set gives the measure of how much choice is involved, in the
selection of the pixel value of average.

Definition 3. Shannon’s entropy E(p1, pa, ..., p,) which satisfy the following:

e [E is a continuous function of p;.

e E should be steadily increasing function of n.

e If the choice is made in k successive stages, then £ = sum of the entropies
of choices at each stage, with weights corresponding to the probabilities of the
stages.

E = —k Y !_, pilog p;. k controls the units of the entropy, which is “bits.” logs
are taken base 2. [5, 32]

Shannon-Fano entropy encoding is done according to the probabilities of data
and the method is as follows:

e The datais listed with their probabilities in decreasing order of their probabilities.

e The list is divided into two parts that has roughly equal probability.

e Start the code for those data in the first part with a O bit and for those in the
second part with a 1.

¢ Continue recursively until each subdivision contains just one data. [5,32]

An example on a text: letters-to-codes: may be better to depict how the
mechanism works. Suppose we have a text with letters a, e, f, g, r with the following
probability distribution:

Letter | Probability
a 0.3
e 0.2
f 0.2
q 0.2
r 0.1

Then applying the Shannon-Fano entropy encoding scheme on the above table
gives us the following assignment.
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Letter | Probability | code
a 0.3 00
e 0.2 01
f 0.2 100
q 0.2 101
r 0.1 110

Note that instead of using 8-bits to represent a letter, 2 or 3-bits are being used to
represent the letters in this case.
The following is an elementary example of Shannon-Fano entropy encoding

Letter | Probability | code
a 0.3 00
e 0.2 01
f 0.2 100
q 0.2 101
r 0.1 110

While this is an oversimplification, it is nonetheless a key idea used in more realistic
algorithms:

e In a given text, list all letters in decreasing order of their probabilities.

e Divide the list into two parts with approximately equal probability (i.e., by the
median, the total probability of each part is approximately 0.5).

e For the letters in the first part, start the code with a O bit, and for those in the
second part with a 1.

e Recursively continue until each subdivision is left with just one letter [5].

Note that the divisions of the list are following a binary tree-rule. The initial
important uses of encoding were to texts and to signals. Much more recent uses
are to a host of big data sets such as data on the color images. These uses are:
quantization, entropy encoding. As a result, the mathematics of encoding has seen
arecent revival.

While entropy encoding is popular in engineering, [14,33,36], the choices made
in signal processing are often more by trial and error than by theory. Reviewing the
literature, we found that the mathematical foundation of the current use of entropy
in encoding deserves closer attention.

8.5 Slanted Matrix Representations, Frame Estimates,
and Computations

We will be using finite and infinite slanted matrices, and we prove two results
about their tensor products, and their significance in representation theory. The
significance of the slanted property is that matrix products of slanted matrices
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become increasingly more sparse (i.e., the resulting matrices have wide patterns of
zeros) which makes computations fast. In the application this means that an image,
or a more general problem from applied mathematics may be synthesized faster with
the use of scale similar orthogonal bases, such as wavelet bases in L?(R?).

In this section we prove mathematical theorems supporting the applications
outlined above: The operators in Fig 8.1 have slanted matrix representations
determined by the masking sequences (%,) and (g, ), and with the slanting changing
from one operator S to the corresponding adjoint operator S*. We then show how
frame estimates are preserved under filtering with our S-systems, i.e., with the
slanted matrices that realize the Cuntz relations in (a) and (b) above. The slanted
matrix representation is what make computations fast. The slanting is such that
repeated matrix operations in the processing make for more sparse matrices, and
hence for a smaller number of computational steps in digital program operations for
image processing.

We begin by introducing the Cuntz operators S . The two operators come from
the two masking sequences (%,,) and (g, ), also called filter-coefficients, also called
low-pass and high-pass filters.

Definition 4. If (4,),ez is a double infinite sequence of complex numbers, i.e.,
h, € C, forall n € Z; set

(Sox)(m) = V2 " hyzyx(n) (8.7)
nez
and adjoint
(S x)(m) = x/th_n,me(n); for all m € Z. (8.8)
nez

Then

(a) The oo x oo matrix representations (8.7) and (8.8) have the following slanted
forms

(b) The set of non-zero numbers in (%,,),ez is finite if and only if the two matrices
in the figure are banded (Fig 8.6).

(c) Relative to the inner product

Fig. 8.6 S, and S
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. = : 2
(x]y)p2 = Zx,,y,, in/
nefF

(i.e., conjugate-linear in the first variable), the operator Sy is isometric if and
only if

- 1

Zhnhn+2p = 580,,,, forall p € Z. (8.9)

nef

(d) If (8.9) holds, and
(S1X)(m) = V2 gm-anx(n), (8.10)
nez
then

SoSq + S1S; =12 (8.11)
SES1 =6k 1 forallk,l € {0, 1} (8.12)

(the Cuntz relations) holds for
gn:=(=1"gi—y, n € Z.

Proof. By Parseval’s identity and Fourier transforms, we have the isometric iso-
morphism [*(Z) ~ L*(T) where T = {z € C : |z] = 1} is equipped with Haar
measure.

Hence the assertions (a)-(d) may be checked instead in the following function
representation:

f@ =Y xm?z" (8.13)
nef
mo(@) = Y ha?', (8.14)
nefF
m@) = g (8.15)
nefF

setting
(S; )2 =m;(2) f(Z*), forallz €T, forall f € L*(T), j =0,1. (8.16)

In this form, the reader may check that conditions (a)-(d) are equivalent to the
following unitary principle: For almost every z € T (relative to Haar measure),
we have that the 2 x 2 matrix

Uz) = (mo(z) mO(_Z)) (8.17)

my(z) my(—z)

is unitary; i.e., that U(z)* = U(z)~", almost every z € T, where (U*)x; := Uy
denotes the adjoint matrix. O
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8.5.1 Warning

Note that the tensor product of two matrix-functions (8.17) does not have the same
form. Nonetheless, there is a more indirect way of creating new multiresolution-
wavelet filters from old ones with the use of tensor product; see details below.

Suppose A is an index set and (vy)ees C [*(Z) is a system of vectors subject to
the frame bound (B < 00)

D (valx)i2” < Bllx[|72. forall x € 2. (8.18)

a€A

Set
Wik 1= S({Slva, jeNy=1{0,1,2,...},a € A. (8.19)

If the unitarity condition (8.17) in the lemma is satisfied, then the induced system
(8.19) satisfies the same frame bound (8.18).

Proof. Introducing Dirac’s notation for rank-one operators:
lie) (v[|x) = (v]x)|u), (8.20)

we see that (8.18) is equivalent to the following operator estimate

> va) (val < Blp2 8.21)

a€A

where we use the standard ordering of the Hermitian operators, alias matrices.
For the system (W o) (ja)eNyx4 in (8.19), we therefore get

Z |W/oc W/al ZZS Sl|Va Va|S1 *j
(j,0)ENpx A
< BZS’S SrSy) < B,

by(8.21)

Since 4 _
D OSISISESy =1 -8yt syt <1 foralln.

But the RHS in the last expression is the limit of the finite partial sums

N N
> SISiSrSy = SII — SoS7)Sy! (8.22)

j=0 j=0
= Ip—SYtsE (8.23)
< I2 since (8.24)
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Source Forward N A Entropy N Compressed
Image Transform Quantization Encoding Image
Store or
Transmit
Rectl)nstructed Backward | Inverse P Entropy PEE Compressed J
mage < Transform Quantization | Decoding Image

Fig. 8.7 Outline of the wavelet image compression process [33]

Py = S(?H'ISO*N+1 is a projection for all N € Ny. In fact
<+ < Pyy1 < Py <+ < Py = 85085
and P; denotes the projection onto S}/ O

8.5.1.1 Digital Image Compression

In [23], we showed that use of Karhunen—Log¢ve’s theorem enables us to pick the
best basis for encoding, thus to minimize the entropy and error, to better represent
an image for optimal storage or transmission. Here, optimal means it uses least
memory space to represent the data; i.e., instead of using 16 bits, use 11 bits. So
the best basis found would allow us to better represent the digital image with less
storage memory.

The particular orthonomal bases (ONBs) and frames which we use come from
the operator theoretic context of the Karhunen—Lo¢ve theorem [1]. In approxima-
tion problems involving a stochastic component (for example noise removal in
time-series or data resulting from image processing) one typically ends up with
correlation kernels; in some cases as frame kernels.

Summary of the mathematics used in the various steps of the image compression
flow chart in Fig. 8.7:

e At the beginning of the diagram (source image) we will typically input a digital
image. Of the possible forward transforms that apply to images, this proposal
uses the discrete wavelet transforms.

* The quantization step refers to the following: the output from the transform
will be quantized in the sense of economy of processing; for instance, with
the thresholding method. After the wavelet forward transform, the image is
decomposed into different details at different levels; the thresholding method will
eliminate some of these details selectively resulting in lossy compression. In our
recent paper [23], we initiated the use of thresholding for exactly this purpose.
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In our approach to image compression the encoding step does the following:
with the quantization, the process was lossy where the step is irreversible. With
the entropy encoding, if we started off with an 16 bit image we find a better
representation meaning we use fewer bits to present the pixel values. This step
is lossless. Entropy encoding has been used for long time in information theory,
and it has found a recent revival in data compression schemes. The idea is to
assign codes to symbols in order to match code lengths with the frequencies
of occurrence of the symbols. By entropy we refer to a priori probability
distributions of symbols. Entropy encoders compress data by replacing equal
length codes with codes where the length of each code would be determined
by quantitative measures of entropy. Therefore, the most frequent symbols will
be assigned the shortest code. Hence the economy.

There are number of other entropy encoding schemes, Shannon-Fano encod-
ing, Huffman coding, arithmetic coding, etc. [5, 12, 38, 39]. These alternative
encoding schemes have been successful in signal compression and in simplest
static codes, but in the most recent uses of discrete algorithm on images
the entropy encoding proved to have practical advantages. The lossless data
compression has in common with the discrete wavelet synthesis that exact data
can be reconstructed from the compressed versions. Hence, the processing is
reversible. Lossless compression is used for example in zip file forward and gzip
in Unix/Linux. For images, the formats png and gif also use lossless compression.
Examples are executable programs and source codes.

In carrying out compression, one generates the statistical output from the input

data, and the next step maps the input data into bit-streams, achieving economy
by mapping data into shorter output codes.
The result of the three steps is the compressed information which could be
stored in the memory or transmitted through internet. The technology in both
ECW (Enhanced Compressed Wavelet technology) and JPEG2000 allow for
fast loading and display of large image files. JPEG2000 is wavelet-based image
compression [18, 19]. There is a different brand new compressing scheme called
Enhanced Compressed Wavelet technology (ECW). Both JPEG2000 and ECW
are used in reconstruction as well.

8.5.2 Reconstruction

The methods described above apply to reconstruction questions from signal pro-
cessing. Below we describe three important instances of this:

1.

2.

In entropy decoding, the fewer bits assigned to represent the digital image are
mapped back to the original number of bits without losing any information.

In inverse quantization, there is not much of recovery to be obtained if threshold-
ing was used for that was a lossy compression. For other quantization methods,
this may yield some recovery.
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3. The backward transform is the wavelet inverse transform where the decomposed
image is reconstructed back into an image that is of the same size as the original
image in dimension but maybe of smaller size in memory.

Let T = R/Z ~ {z € C;|z] = 1}. Let A be a d x d matrix over Z such that
[A]l > 1forall A € spec(A). Then the order of the group A='Z4 /74 is |det A| :=
N . Consider A7'Z% /7% as a subgroup in T? = R? /7.

We shall need the following bijection correspondence:

Definition 5. Forz e T, z; = ¢/?™% 1 < j < d, set
= (), (8.25)

where
AB =, (8.26)

ie., Z?=l Apj0; =ni, 1 <k <d.Thenforz e T4, the set {we T, WA = 7} is
in bijection correspondence with the finite group A~'Z4 /7.

Definition 6. Let %y (C) be the group of all unitary N x N matrices, and let
Uy (T9) be the group of all measurable function

T 5 z+> U(z) € Uy(C). (8.27)

Let .43 (T?) be the multiresolution functions,

T 5z M(z) = (m;(2)) e CV; (8.28)
i.e., satisfying
1 -
~ > mywme(w) = 8. (8.29)
weTd wA=z

Example 8.2. Let {k;} ?’:1 be a selection of representatives for the group Z¢ /AZ4;
then

My(2) = ()], (8.30)
is in Z{(TY).
Forz € T¢ and k € Z¢ we write
=) multinomial. (8.31)

Lemma 7. There is a bijection between %y} (T and A 1(,‘ (T?) given as follows:

(i) Ifue %} (T?) set
My (2) = U Mo(2) (8.32)

where M is the function in (8.30).
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(ii) IfM € A#E(T?), set

Un(2) = (Ui ()= (8.33)
with
1 P
U@ =5 2. MM, (8.34)
weTd WA=z

Proof. Case (i). Given U € %,}(T?), we compute

5 X WM, = Y TEe U,
= L3 W
N wiA=z
— i Z wki—ki
N W’A =z

=5
where we have used the usual Fourier duality for the two finite groups

A7'74 )74 ~ 74 A7, (8.35)
i.e., a finite Fourier transform.

Case (ii). Given M € .43} (T?), we compute U;. ;j(z) according to (8.34). The
claimis that U(z) = (U; ;(z)) isin Uy (C), i.e.,

N
> Uj@Uij(x) =8, forallze T (8.36)
=1

Proof. Proof of (8.36):

N
Z Uij (29U (2)
I=1
1 —
T N 2 2 D M) My () M (4 My )
’ I w oW

= % Z Z] 8W,W/Mi (W)Mj (W/)
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1 -
= < 2 MM o)

— 5.
by (8.30) 7

O

This completes the proof of (8.36) and therefore the Lemma. In the summations we
consider independent pairs w,w’ € T¢ satisfying w? = w4 = z. So each ranges
over a set of cardinality N = |detA|. O

In the simplest case of N = 2, d = 1, we have just two frequency bands, are

two filter functions
m
mi

see (8.28), (8.29). In that case we select the two points £ 1 in bz. In additive notation,
these represents the two elements in %Z/ 7 viewed as a subgroup of T ~ R/Z.
The band-conditions are then My(1) = 1 and M;(—1) = 1, in addition notation
(Fig. 8.8):

Multi-band: high-pass/low-pass. If N > 2, there will be more than two frequency
bands. They can be written with the use of duality for the finite group A~'Z4 /74
in (8.36). Recall |detA| = N, and the group is cyclic of order N. The matrix for its
Fourier transform matrix is denoted Hy with H Hadamard.

1 - 2njk
Hy = —(e’N) . (8.37)
\/N Jk€LN

Lemma 8. [fU € %! (T9) and My = U(z*YMy(z) is the multiresolution for the
lemma then
T 5 z+> Hy My (2) (8.38)

satisfying the multi-band frequency pass condition.
Proof. Immediate. O

Lemma9. Let M be a multi-band frequency pass function, see (8.38), and
assume continuity at the zero-multi frequency, i.e., at the unit element in T (with

multiplicative notation).
(a) Then there are functions (\; ;V:_O] in L*>(R?) such that Wy = ¢ satisfies

90) = [[mo(47'0) (8.39)

k=1

U (0) =m;(A7'0)@(A'0), j=1,---,N—1, foralldeR? (8.40)

where we have used addition notation, i.e., € R? is written as a column
vector, and A7'0 is a matrix action.
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2
[mol

Low - pass

2
[my]
High - pass
1.0

0.8 -
0.6
0.4

0.2

-0.4 -0.2 0.2 0.4

Fig. 8.8 The two filters of probability distributions

(b) With the tripple index set j = 1,2,--- ,N — 1,k € Z, and | € 74, we get the
system
Yk (x) = |detA|F >y (A x —1). (8.41)

(c) While the system in (8.41) in general does not form an orthonormal basis
(ONB) in L*>(R?), it satisfies the following Parseval-fram condition: For every
f € L*(R?), we have

[ r@Pax = ¥ S Y W Mgl (642

I<j<N keZ|ezd
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Fig. 8.9 Streched Haar Wavelet

with the expression (-,) 2ga) on the RHS in (8.42) representing the usual
L*(R?) inner product

0 Pz = [ TS0 (843)

Proof. The essential idea is contained in [9], and the remaining details are left to
the reader. O

Remark 10. The condition in (8.42) (Parseval-frame) is weaker than ONB, referring
to function (v, ;) in (8.41). Rather than asking for an ONB in L>(R?), we seek
instead a Parseval-frame. But there is a variety of explicit additional conditions on
the given wavelet filter from (8.39) and (8.40) which imply that (1« ;) is in fact an
ONB.

In the language of frequency bands, the low pass filter should not pass “false”
frequencies. The simplest example of a non ONB Parseval wavelet is the stretched
Haar wavelet (Fig. 8.9)

0 ifxeR\]J0,3]
For additional details, see [9].
Lemma 11. Let
M@) = > hd. with z=¢e>" 6eR’ (8.44)

kezd

d
M@©O) =Y he™™ 0 k0= k;6;. (8.45)
j=1

kezd



244 PE.T. Jorgensen and M.-S. Song

be the Fourier expansion of a filter function note (8.45) is the same as (8.44), but
written in the additional form of Fourier analysis for T¢. Then the function ¢ in
(8.39) satisfies
¢(x) = |detA] Y hxp(A'x — k) (8.46)
kezd

where A" denotes the transpose matrix to A.

Proof. The result follows from an L2(R9)-Fourier transform applied to both sides
in formular (8.46). O

Lemma 12. Let M be a low-pass filter function, and let ¢ be a scaling function,
see (8.46), or equivalently (8.39). Then the operator

T, : 1*(Z%) — L*(RY)

given by
T,( () = Y Enpx —k)

kezd

is isometric, i.e., we have

Y &l = /d | > Ep(x — k).

kezd RY kezd
Proof. See [9]. O

8.6 Consistency of Tensor Product for Filters
and for Functions on R?

There are two operations we shall need to perform on infinite slanted matrices,
matrix product and tensor product. The first is for the computation of the coefficients
in expansions with scale similar orthogonal bases, such as wavelet bases. We
prove that when these operations are performed, the resulting new slanted matrices
become increasingly more sparse (i.e., the resulting matrices have wide patterns of
zeros) which makes computations fast.

Since, by Lemma 11, the filter functions coming from the group 02/,6‘ (T9), it
follows that the corresponding filter functions .# ,(,‘ (T¢) are also closed under tensor
product.

8.6.1 Creating Multiresolutions and Wavelets

Using the lemmas, we may create new filters and new multiresolutions from old. In
outline, the process is as follows:



8 Scaling, Wavelets, Image Compression, and Encoding 245

e projections.

J

* unitary matrices.

I

* unitary matrix-functions.

J

e filter functions.

J

* tensor product.

¥

e scaling functions.

J

e multi-resolutions.

!

» wavelet functions (higher dimensions with tensor product).

Definition 13. Let 277, i = 1,2 be Hilbert spaces, and let 7;, i = 1,2, be linear
operators in the respective spaces. By the tensor product 77 ® 7> we mean the
operator 71 ® T, in S ® 5% given by

(T) ® Tz)(ul Quy) = (Thu) ® (Tzuz), forallu; € 7, i =1,2. (847

An operator P in a Hilbert space ./# is called a projection if P = P* = P2. An
operator U is called unitary if and only if U* = U™, ie.,, UU* = U*U = I
where / denotes the identity operator.

Easy Facts:

1. The tenstor product of two projections is a projection.
2. The tensor product of two unitary operators is a unitary operator.
3. If P is a projection in a Hilbert space .77, then the function

Ui):=zP+(I —-P)=zP + P+, (zeD (8.48)

maps T into the group of all unitary operators.

Proof. of (iii). The conclusion follows from representing (8.48) in the following
operator-block matrix form

P
0
U@ =|° (8.49)
01,
Note that the RHS in (8.49) is unitary if and only if |z] = 1. O

Definition 14. 1. Let A be a d x d matrix on Z such that

spec(A) C {A € C;|A| > 1}.
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Let Z¢ 3 74 JAZ? =: Q4 be the natural quotient mapping. If py
74 JAZS — 7 satisfying w4 o py = id, we saw that

’]I‘d S7> (ZPA(q))
q€04

is a multiresolution filter on T¢.

2. If B is a e X e matric over Z such that spec(B) C {A € C;|A| > 1}, we
introduce Qp = 7Z°/BZ° and pp as in (1) by analogy. We then geta d + ¢
multiresolution filter

T T 3 (z,w) > (ZPA(q)WpB(r)) .
q€Q4.r€Qp

3. If Ny := |detA], and Np := |detB], then the filter in (2) takes values in
beNatNe,

Corollary 15. The families of multiresolution filters 1{}/1 (T is closed under
tensor product, i.e.,

MY (T @ Ay (T°) C MGEG (TH).

Proof. By the lemma, we only need to observed that the unitary matrix-functions
T 5 z +> U4(z) € Uy, (C) are closed under tensor product, i.e.,

T ® T 3 (z,w) = Ua(z) ® Ug(w) € Un,.n (C).

8.6.2 Tensor Products: Applications and Examples

Lexicographical of basis vectors, for example C*> @ C> — (11), (12), (21), (22).

Scaling matrices:
B0
I ® B— .

Fourier Hadamard transform matrices:

1111
Lty Ly -t
S \u-1)° s\ 211 —1-1
1-1-11

H, ® H, # H,.
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Compare with the matrix Fy for the Fourier transform on Z4:

11 1 1

| .
Hi:~ 1 i 1 —i
211-11 -1
1—i -1 1

8.6.3 Unitary Matrix-Functionsi U, (z):

P 0
Tszr>zP + Pt =(° . 8.50
z zP + ( 07— P) (8.50)
Here the function Up (z) is constructed from a fixed projection P in a Hilbert space
A, and we set P+ = I,, — P the projection onto the orthogonal complement of
P in .
Then for (z, w) € T? = T x T we have:

wP ® P 0
Up(z) x Up(w) = ( 0 Iyew—P® P)'

Giving (8.50) the matrix representation

z0
01
we get
w000

0z00
00woO
0001

Up(z) @ Up(w) = (8.51)

For the slanted matrices

hohyhyhs 0 0 0 0 O ---
0 0 hohyhphs 0 0 O ---
000 O hohthyhy O ---

0 0 0 hohyhy---

F=1000
00000000 hy---
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we see that sparsity increases when both matrix multiplication and tensor product ®
is applied. If for example the two matrices F and F’ have slanting degree 2, then the
matrix product FF’ has slanting degree 4. An n—fold product of slanted matrices
of slant 2 is again slanted but of slanting degree 2".

The situation for tensor product is more subtle.

Example 8.3. Set
ab0
F=100a],
000

and
afo
F'=[00«
000

Then F ® F' has the matrix representation

acaB 0 babp 0 0 0 O

0 0Oax 0 0D O O O

00 0O0O0OO0OUO OO OO

aF' bF' 0 00 0 0 O0 0axaB O
FQF ~|1 0 0 aF|=]0 00000 0 0 ac«
0o 0 O 00 00 O0O0O0OO0TO 0

00 0O0O0OO0OUO0OO0O

000O0O0OO0OUO OO OO

000O0O0OO0OUO OO OO

8.6.3.1 Slanted Matrices

Definition 16. An (infinite) matrix F = (a,x), j.k € Z, is said to be slanted of
degree d if there is a function f on Z (depending only on F') such that

ajr = frk —dj) (8.52)

holds for all j, k € Z. We write deg,(F) = d.

Lemma 17. Let F and F' be slanted matrices, with F of slanting degree d and F’
of degree e. Then the matrix product G = FF' is again a slanted matrix, and for the

degree we have
deg,(FF') > deg (F) - deg,(F"). (8.53)

Proof. 1. By matrix-multiplicative. For the entries in G = FF',

G:(Ci,j), i,jEZ,
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cij =D aikay; =Y frk —di) frr(j = ek).

k€Z k€Z

Hence the matrix entries ¢; j4(q.¢)i are represented by a function g in j, i.e.,
Cij+@ei =g(j), foralli,j eZ.

2. By generating functions. Because of the assumptions on the entries in the
matrices F = (a; ;) and F' = (a] ;) the generating functions (alias, frequency
response functions) are in fact Fourier series.

As a result, a slanted matrix F represents a bounded operator Tr in L?(T) ~
[?(Z). An easy computation shows that F is slanted of degree d if and only if

TrM.e = M.T, (8.54)
where

(M;6)(z) = zE(z), forallz € T;

and
(M.d§)(2) = 2"6(z), £ e LX(T);
ie, My = (M), deZ;.

As a result, we have
TrMa = M.Tr, and (8.55)

TpMe = M.Tp. Since (8.56)
T = TrTr  we get (8.57)

M.T M. TrTp

by(8.57)

= TrM iTp
by(8.55) :

= TF TF/ M(zd)e
by (8.56)

= TGMZt/-e,

proving the assertion in the lemma.

The proof of the following result is analogous to that in Lemma 17 above.

Lemma 18. Let F and F’ be slanted matrices with 7. as index set for rows and
columns, or possibly subset of Z.. If degs(F) = d, and deg,(F') = e, then F Q F’
is slanted relative to the index set Z* by vector degree (d, e). Setting
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(F® Fajywn = FixFj, (8.58)

there is a function g on Z* such that

(F® Fijon=gk—dil —ej) foral(i,j)eZ* andall (k1) e 7>

8.7 Rep(Oy, )

Here we show that the algorithms developed in the previous two sections may
found from certain representations of an algebra in a family indexed by a positive
integer N, called the Cuntz algebras Oy .

It will be important to make a distribution between Oy as a C*-algebra,
and its representation by operators in some Hilbert space. As we show distinct
representation of Oy yield distinct algorithms, distinct wavelets, and distinct matrix
computations.

It is known that O is the unique (up to isomorphism) C *-algebra on generated
(s;)i € Zn, and relations

stsp =681 Y sist=1. (8.59)

i€LN

Here s; in (8.59) is a symbolic expression and 1 denotes the unit-element in the
C *-algebra generated by {s;;i € Zy }. Hence a representation p of &y acting on a
Hilbert space 77, p € Rep(Oy, F¢), is a system of operators S; = Sl-(p) = p(s;)
satisfying the same relations (8.59), but with 1 replaced by I, = p(1) = the
identity operator in .77.

From (8.59) it follows that Oy ® Oy = Onp . Hence it follows from an analysis
of tensor product of representation that not all

p € Rep(Oy., )
is a tensor product of a pair of representations, one of &'y and the second of &), .
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Chapter 9
Wavelet Representations and Their Commutant

Dorin Ervin Dutkay and Sergei Silvestrov

Abstract We study the reducibility of the wavelet representation associated to
various QMF filters, including those associated to Cantor sets. We show there are
connections between this problem, the harmonic analysis of transfer operators and
the ergodic properties of shifts on solenoids. We prove that if the QMF filter does
not have constant absolute value, then the wavelet representations is reducible.

9.1 Introduction

Wavelets are functions that generate orthonormal bases under certain actions of
translation and dilation operators. They have the advantage over Fourier series that
they are better localized. By definition, a wavelet is a function ¥ € L?(IR) with the
property that

(20292 - —k) : jk € Z} 9.1

is an orthonormal basis for L?(IR). We refer to Daubechies’ wonderful book [Dau92]
for details.

We can rephrase this in terms of two unitary operators, the dilation operator U
and the translation operator 7 on L*(R),
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Ur) = 1 (3

The family defined in (9.1) is

). TA0=fGx=1. (xeR.fel’®) (92

U/ T' Yy : jkeZ}.

One of the main techniques of constructing wavelets, is by a multiresolution
analysis. By this we mean a sequence (V},),ez of closed subspaces of L2(R) with
the following properties:

.V, CVygforalln € Z

UV =V, foralln € Z

. U,V, is dense in L?(R) and N, V,, = {0}

. There exists a function ¢ € L?(R) called the scaling function, such that {T*¢ :
k € Z} is an orthonormal basis for V}

AW N =

The subspaces V,, correspond to various resolution levels. Once a multiresolution
analysis is given, the wavelet can be found in the detail space: Wy := Vi © V. Itis
a function ¥ with the property that {TXv : k € Z} is an orthonormal basis for W,.

The multiresolution is constructed easily from the scaling function ¢. Since Ug
isin V_; C V), it can be written as a combination of translates of ¢, and this gives
the scaling equation:

Up =Y arT . (9.3)
kEZ

Since T is a unitary operator, it has the spectrum contained in the unit circle T;
one can define a representation 7 of L°°(T) on L*(R), by applying Borel functonal
calculus

n(f) = f(T)., (f € L¥R)),

which means that for polynomials
b4 (Z akzk> = Zaka.
k k
The representation satisfies the covariance relation:
Un(UT = a(f(@), (f € L®(T).
Using this representation, the scaling equation can be rewritten as
Up = m(mo)g,
where

mo(@) =Y ad, (zeT).

kEZ
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The function my is called the low-pass filter, and it is the starting point for the
construction of the multiresolution analysis.

Since one is aiming at scaling functions whose translates are orthogonal, a
necessary condition on my is the quadrature mirror filter (QMF) condition:

S P =1, e,

wi=z

Wavelet representations were introduced in [Jor01, Dut02, DJO7b] in an attempt
to apply the multiresolution techniques of wavelet theory [Dau92] to a larger class
of problems where self-similarity, or refinement is the central phenomenon. They
were used to construct wavelet bases and multiresolutions on fractal measures and
Cantor sets [DJ0O6] or on solenoids [Dut06].

Wavelet representations can be defined axiomatically as follows: let X be a
compact metric space and let r : X — X be a Borel measurable function which is
onto and finite-to-one, i.e., 0 < #r~'(x) < oo for all x € X. Let u be a strongly
invariant measure on X, i.e.

1 oo
| ran= | = T SO, (L) 0
Let mg € L*°(X) be a QMF filter, i.e.,

1
#r—1(x)

Z [mo(»))* = 1 for p-ae. x € X 9.5)
r(y)=x

Theorem 1. [DJO7b] There exists a Hilbert space €, a unitary operator U on
H, a representation 7w of L°°(X) on 7 and an element ¢ of 7€ such that:

1. (Covariance) Un(f)U™" = n(f or) forall f € L®(X).
2. (Scaling equation) Up = m(mo)¢

3. (Orthogonality) (w(f)¢, ¢) = [ fdu forall f € L®(X).
4. (Density) {U™"n(f)p|n €N, f € L®(X)} is dense in 7.

Moreover they are unique up to isomorphism.

Definition 2. We say that (7, U, 7, ¢) in Theorem 1 is the wavelet representation
associated to my.

Our main focus will be the reducibility of the wavelet representations.

The most familiar wavelet representation is the classical one on L?(RR), where
as we described above, U is the operator of dilation by two and r is obtained by
applying the Borel functional calculus to the translation operator T, i.e. w(f) =
f(T) for f bounded function on T — the unit circle. This representation is associated
to the map r(z) = z* on T, the measure y is just the Haar measure on the circle, and
my can be any low-pass QMF filter which produces an orthogonal scaling function
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(see [Dau92]). For example, one can take the Haar filter mo(z) = (1 +z)/~+/2 which
produces the Haar scaling function ¢.

This representation is reducible; its commutant was computed in [HLOO] and the
direct integral decomposition was presented in [LPTO1].

Some low-pass filters, such as the stretched Haar filter mo(z) = (1 + 2°)/~/2
give rise to non-orthogonal scaling functions. In this case super-wavelets appear,
and the wavelet representation is realized on a direct sum of finitely many copies
of L?(R). See [BDPOS]. This representation is also reducible and its direct integral
decomposition is similar to the one for L?(R). See [BDP0S5, Dut06].

When one takes the QMF filter my = 1 the situation is very different. As shown
in [Dut06], the representation can be realized on a solenoid and in this case it is
irreducible. The result holds even for more general maps r, if they are ergodic (see
[DLS09)).

The general theory of the decomposition of wavelet representations into irre-
ducible components was given in [Dut06], but there is a large class of examples
where it is not known whether these representations are irreducible or not.

One interesting example, introduced in [DJO7a], is the following: take the map
r(z) = z* on the unit circle T with the Haar measure . Consider the QMF filter
mo(z) = (1 +2%)/+/2. The wavelet representation associated to this data is strongly
connected to the middle-third Cantor set. It can be realized as follows:

Let C be the middle-third Cantor set. Let

k
%::U{C+§|k,nez}.
Let 7° be the Hausdorff measure of dimension s := log; 2, i.e., the Hausdorff
dimension of the Cantor set. Restrict .77 to the set &. Consider the Hilbert space
H = L*(#, ). Define the unitary operators on .J#:

U@ =—=f(3). T/ = ra-1

and define the representation = of L°°(T) on .77, by applying Borel functional
calculus to the operator 7: w(f) = f(T) for f € L*°(X).

The scaling function is defined as the characteristic function of the Cantor set
¢ = Xc.

Then (7, U, 7, ¢) is the wavelet representation associated to the QMF filter
mo(z) = (1 + z2)/+/2. To make this more intuitive, note that the Cantor set has the
property that when it is dilated by three, the result consists of the Cantor set and a
translation of it by two. In other words, the characteristic function of the Cantor set
satisfies the scaling equation

1
Uxc = —= (xc + T?xc).

V2

In [DMPO08], d’ Andrea, Merrill and Packer construct a wavelet representation
whose scaling function is the Sierpinski gasket. See Example 13 below. They also
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present some numerical experiments showing how this multiresolution behaves
under the usual wavelet compression algorithm.

In [BLPT™10,LR07,LR06] the wavelet representations are given a more operator
theoretic flavour. A groupoid approach is offered in [IMOS]. Investigations of
general multiresolution theories are presented in [BFMP09b, BEMP(09a, BLP*10,
BLM™09].

9.2 Solenoids

We recall some facts from [DJO7b]. The wavelet representation can be realized on a
solenoid as follows: Let

Xoo 1= {(x0.x1,...) € X" | r(xy41) = x, forall n > 0} 9.6)

We call X, the solenoid associated to the map r.
On X consider the o-algebra generated by cylinder sets. Let 1o ¢ Xoo = Xoo

roo(X0, X1,...) = (r(xo), X0, X1, ...) forall (xg, x1,...) € Xeo 9.7)

Then ro is @ measurable automorphism on Xeo.
Define 6y : Xoo — X,
90()(0,)(71,...) = X0. (98)

The measure (Lo 0n X Will be defined by constructing some path measures P, on
the fibers 2, := {(x0, x1,...) € Xoo | X0 = x}.
Let
c(x) i=#71r (), W) = |mo(x)PP/e(x), (x € X).

Then
YW =1 (xeX) 9.9)
r(y)=x
W (y) can be thought of as the transition probability from x = r(y) to one of its
roots y.
For x € X, the path measure P, on §2, is defined on cylinder sets by

Px({(-xn)nzo € 2, | X1 =20y Xp = Zn}) = W(Zl) - W(Zn) (9.10)
for any z;,...,2z, € X. This value can be interpreted as the probability of the
random walk to go from x to z, through the points xi, ..., x,,.

Next, define the measure 4o, ON X5 by

/fduoozl;( i fx,x1,...)dPy(x,x1,...)du(x) (9.11)

for bounded measurable functions on X .
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Consider now the Hilbert space 7% := L?(j1oo). Define the operator

Ut = (mgoby)§ore, (€€ L*(Xeo.lhoo)) (9.12)

Define the representation of L°°(X) on J#

()= (fob)é (f €L¥X).E €L (Xoo. hoo)) (9.13)

Let ¢ = 1 the constant function 1.

Theorem 3. [DJO7b] Suppose my is non-singular, i.e., p({xeX | mo(x) =0}) =0.
Then the data (€, U, 1, @) forms the wavelet representation associated to m.

We are interested in the reducibility of wavelet representations, this involves the
study of the commutant of the representation; it was shown in [DJO7b] that there are
several equivalent ways to formulate this problem:

Theorem 4. [DJ0O7b] Suppose m is non-singular. Then there is a one-to-one
correspondence between the following data:

1. Operators S in the commutant of {U, 1 }.

2. Cocycles, i.e., functions f € L% (Xoo, [loo) SUch that f o reo = [, loo-a.e.

3. Harmonic functions h € L*°(X) for the transfer operator R, i.e., R, ;h = h,
where

1
R /() = o=y 2 ImoIPS ().

r()=x

The correspondence 1 <> 2 is given by S = M ¢ where My is the multiplication
operator M s§ = f§ & € L>(Xoo, Jtoo)- The correspondence from two to three
is given by

h(x) = A flx,x1,...)dPy(x,xq,...).

The correspondence from three to two is given by

f(x,x1,...) = lim h(x,), for ieo-a.e. (x,x1,...) in Xeo.
n—o00

9.3 Reducible Wavelet Representations

Using the correspondences in Theorem 4, the reducibility problem can be then
formulated in several ways:

Theorem 5. [DLS09] Suppose m is non-singular. The following affirmations are
equivalent:
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1. The wavelet representation is irreducible, i.e., the commutant {U, 7}’ is trivial.

2. The automorphism roo on (Xeo, floo) Is ergodic.

3. The only bounded measurable harmonic functions for the transfer operator R,
are the constants.

4. There are no non-constant fixed points of the transfer operator h € LP(X, 1),
for some p > 1 with the property that

sup [ ) COPIRCOP du(x) < oc ©9.14)
neNJXx
where
m(()”)(x) = mo(x)mo(r(x))... mo(r"_l(x)), (x € X). (9.15)

5. If ¢' € L*(Xoo» oo), Satisfies the same scaling equation as @, i.e., Up' =
7 (mo)@’, then ¢’ is a constant multiple of ¢.

Next, we show that under some mild assumptions, the wavelet representations
are reducible.

Theorem 6. Supposer : (X, ) — (X, ) is ergodic. Assume |my| is not constant
1 p-a.e., non-singular, i.e., (mo(x) = 0) = 0, and log |mo|? is in L' (X). Then the
wavelet representation (7€, U, i, @) is reducible.

Proof. From the QMF relation and the strong invariance of 1 we have

1
/X|m0|2dM=/X#r——1(x) Y Imo()Pdp = 1.

r(y)=x

By Jensen’s inequality we have
a:= / log |mo|> dp < log/ |mo|* dp = 0.
X X

Since log is strictly concave, and |m|? is not constant p-a.e., it follows that the
inequality is strict, and a < 0.
Since r is ergodic, applying Birkoff’s ergodic theorem, we obtain that

1 n—1
lim — Zlog|m0 ork|? = / log |mo|*di = a, i — ae.
k=0 X

n—oon
This implies that
lim (|m0(x)mo(r(x)) . ..mo(r”_l(x))|2)l/n =e' <1, u—ae.
n—00

Take b with e? < b < 1.
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By Egorov’s theorem, there exists a measurable set Ay, with oo (A4g) > 0, such
that (|mo(x)mo(r(x)) ... mo(r"~'(x))|*)"/" converges uniformly to e® on Ay. This
implies that there exists an n¢ such for all m > n:

(1mo(X)mo(r (x)) . .. mo(r™ " (x)?) "™ < b for x € Ay
)
[mo(xX)mo(r(x))...mo(r"1(x))|* < b™, form > ngandall x € Ag.  (9.16)

Next, given m € N, we compute the probability of a sequence (z,)seny € Xoo tO
have z,, € Ay. We have, using the strong invariance of u:

P(an € A0) = oo (G | 2 € Ao}) = / 2ty © O it

Xoo

[ T eGP dma ) dee

—m
x #r (ZO)r(11)=zo ..... 1 (2m)=zm—1

- /X 0G0l Gn)) - - mo(r™ ™ o) to o) it (o)
- /X moGemo(r(x) - .. mo(™ ™ GNP x40 () die ().

Then

o0

> Plaw € Ag) = Z/ Imo(x)mo(r(x)) ... mo(r" =" (x))* x4, dpu(x) < 00
m=1 m>1 X

and we used (9.16) in the last inequality.

Now we can use Borel-Cantelli’s lemma, to conclude that the probability that
Zm€Ap infinitely often is zero. Thus, for pes-a.e. z := (z,)4, there exists k;
(depending on the point) such that z, &€ Ay forn > k,.

Suppose now the representation is irreducible. Then 7 is ergodic on (Xeo, hoo)-
So ro_o1 is too. Using Birkhoff’s ergodic theorem it follows that, so-a.e.,

n—1

1 _
lim ;;}mo o b)) oryk = /X a0 fdpoo = p(A0) >0 O17)

But
[0 ©60) 0 7] @n)n = Xao(zk) =0, fork > k.

Therefore the sum on the left of (9.17) is bounded by k, so the limit is zero, a
contradiction. Thus the representation has to be reducible. O



9 Wavelet Representations and Their Commutant 261

Using the results from [DLS09], we obtain that there are non-trivial solutions to
refinement equations and non-trivial fixed points for transfer operators:

Corollary 7. Let mg be as in Theorem 6 and let (J7,U, it, ¢) be the associated
wavelet representation. Then

1. There exist solutions ¢’ € F for the scaling equation U’ = m(mo)¢’ which
are not constant multiples of ¢.
2. There exist non-constant, bounded fixed points for the transfer operator

Ry f(x) = D ImoP (), (f € LX), x € X).

1
), G2
Remark 8. As shown in [DJO7b], operators in the commutant of {U,n} are
multiplication operators M,, with g € L*°(Xso, 7o) and g = g o reo. Therefore,
if IC is a subspace which is invariant for U and 7 ( f) for all f € L°°(X), then the
orthogonal projection onto K is an operator in the commutant and so it corresponds
to a multiplication by a characteristic function y 4, where A is an invariant set for
Foos 1.6 A = 131 (A) = roo(A), too-a.e., and K = L*(A, too)-

In conclusion the study of invariant spaces for the wavelet representation {U, 7 }
is equivalent to the study of the invariant sets for the dynamical system 7o, on

(Xoo”uoo)

Proposition 9. Under the assumptions of Theorem 6, there are no finite-
dimensional invariant subspaces for the wavelet representation.

Proof. We reason by contradiction. Suppose K is a finite-dimensional invariant
subspaces. Then, as in remark 8, this will correspond to a set A invariant under 7o,
K = L?(A, too). But if K is finite dimensional then A must contain only atoms.
Let (z,)nen be such an atom. We have

0 < oo ((Zn)neN) = M(ZO)on((Zn)nEN)v

S0 7o is an atom for w. Since w is strongly invariant for w, it follows that it is
also invariant for p. Then w(r(z0)) = w(r~'(r(z0))) > w(zo0). By induction,
w1 (z0)) = n(r"(z0)). Since w(X) < oo and u(zo) > O this implies that at
for some n € Nand p > 0 we have "7 (z9) = r"(z0). We relabel r"(z) by zo so
we have r”(z9) = zo and 1 (zo) > 0.

Since p is invariant for r we have (zo) < w(r=?(z0)) = u(z0), and this shows
that all the points in r~7(zp) except zo have measure y zero. The same can be said
for r(z0), ..., 7?7 (z0). But then C := {z0,7(z0),....7" " "(z0)} is invariant for r,
u-a.e., and has positive measure. Since r is ergodic this shows that C = X, u-a.e.,
and so we can consider that #~'(x) = 1 for p-a.e. x € X. And then the QMF
condition implies that |my| = 1 u-a.e., which contradicts the assumptions in the
hypothesis. O
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9.4 Examples

Example 10. Consider the map r(z) = z* on the unit circle T = {z € C : |z| = 1}.
Let i be the Haar measure on T. Let m(z) = JLE(I + z) be the Haar low-pass filter,

or any filter that generates an orthonormal scaling function in L?(R) (see [Dau92]).
Then the wavelet representation associated to mg can be realized on the Hilbert
space L2(R). The dilation operator is

1 X
56(3) werger®)

The representation r of L°°(T) is constructed by applying Borel functional calculus
to the translation operator

Ué(x) =

TE(x) =&(x—1). (xR, feL*R)),
n(f) = f(T). (f € LZ®R)),

in particular

. (Z M«) -4,
keEZ keZ
for any finitely supported sequence of complex numbers (¢ )rez-

The Fourier transform of the scaling function is given by an infinite product

([Dau92]):
90 =[Tmo(5). (e

n=

The commutant of this wavelet representation can be explicitly computed (see
[HLOO]): let .%# be the Fourier transform. An operator A is in the commutant {U, )
of the wavelet representation if and only if its Fourier transform 4 := .7 A7 —1is
a multiplication operator by a bounded, dilation invariant function, i.e., A = M,
with f € L*®(R), f(2x) = f(x), for a.e. x € R. Here

Mgt = fE (£ L’R)).

Thus, invariant subspaces correspond, through the Fourier transform, to sets
which are invariant under dilation by two.

The measure 4o On the solenoid T, can also be computed, see [Dut06]. It is
supported on the embedding of R in the solenoid T,. The path measures P, are in
this case atomic.

The direct integral decomposition of the wavelet representation was described
[LPTO1].
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For the low-pass filters that generate non-orthogonal scaling function, such as the
stretched Haar filter mo(z) = % (14 7%), the wavelet representation can be realized

in a finite sum of copies of L?(R). These filters correspond to super-wavelets,
and the computation of the commutant, of the measure (1o, and the direct integral
decomposition of the wavelet representation can be found in [BDPOS5, Dut06].

Example 11. Letr(z) = ZV, N € N, N > 2 on the unit circle T and let m(z) = 1
for all z € T. In this case (see [Dut06]) the wavelet representation can be realized
on the solenoid T, and the measure o, is just the Haar measure on the solenoid
T, and the operators U, m are defined above in the proof of Theorem 6. For this
particular wavelet representation the commutant is trivial, so the representation is
irreducible. It is interesting to see that, by Theorem 6, just any small perturbation of
the constant function my = 1 will generate a reducible wavelet representation.

Example 12. We turn now to the example on the Cantor set. Let 7 (z) = z> on T with
the Haar measure, and m(z) = ﬁ(l + z%). As we explained in the introduction,

this low-pass filter generates a wavelet representation involving the middle third
Cantor set. See [DJ06] for details. We know that r(z) = z° is an ergodic map and it
is easy to see that the function m satisfies the hypotheses of Theorem 6. Actually,
an application of Jensen’s formula to the analytic function m(z) shows that

/log|m0|2du = —2mlog2.
T

Thus, by Theorem 6, it follows that this wavelet representation is reducible.
However, the problem of constructing the operators in the commutant of the wavelet
representation remains open for analysis.

Example 13. Consider the wavelet representation constructed by d’ Andrea, Merrill
and Packer in [DMPO0S8]. It is associated to the map r on T? with Haar measure,
r(z1.2) = (23, 73) and the QMF filter

1
mo(z1,22) = —3(1 + 21 + ).

/3

The point of choosing this filter is to obtain the scaling equation for the Sierpinski
gasket .7 with vertices (0, 0), (1, 0) and (0, 1). This set has the property

2 =SU(SL+(1,0) U (S +(0,1)).

Define the set

Ry = U?o=—oo U(m.n)EZ2 [Aj (7 + (m’n)]-

log3
log2

Let 27 be the Hausdorff measure of dimension
Hilbert space we work on is L?(Z., ).

restricted to the set Z.. The
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Define the dilation operator by

Uf(x) = %f (%x) (€ R f € LR HY).

Define the translation operators

T f(x.y) = f(x =m,y =n), ((x.y) € Rr. [ € LA Rz, ).

The representation 7 of L>(T?) is defined by Borel functional calculus applied
to the translation operators T, »).
Then the characteristic function of the Sierpinski gasket ¢ = y o satisfies the
scaling equation
Up = m(mo)g.

It is shown in [DMPOS8] that the wavelet representation associated to my is
(LA (R, 50),U,1,0).

It is well know that the map r is ergodic. The filter m is non-singular and its
absolute value is not constant. To see that log |m| is in L' (T?), note that 1 + z; +
7 = 0 only if (z1,22) € {(e¥™/3,e*™1/3), (e*7'/3, ¢?77/3)}. Then by Theorem 6, the
wavelet representation associated to the Sierpinski gasket is reducible.

There is a case not covered by Theorem 6, namely the case when |m| = 1. In this
case the situation can be different, the representation can be irreducible:

Theorem 14. Let my = 1 and let (L*(Xoo, floo), U, 7, 9) be the associated
wavelet representation. The following affirmations are equivalent:

1. The automorphism r on (Xeo, [hoo) s ergodic.

2. The wavelet representation is irreducible.

3. The only bounded functions which are fixed points for the transfer operator R,
ie.,

1

R]h(X) = #r_—l(x)

D h(y) =h(x)

r(y)=x

are the constant functions.

4. The only L*(X, u)-functions which are fixed points for the transfer operator R,
are the constants.

5. The endomorphismr on (X, |u) is ergodic.
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Chapter 10
Multidimensional Inequalities of Hardy
and (Limit) Pélya-Knopp Types

Maria Johansson and Lars-Erik Persson

Abstract In this review paper we complement the classical two-dimensional
Hardy-type inequality by E. Sawyer (see MR87{:42052) in various ways. In
particular, ideas and results from three recent Ph.D. theses are unified and presented
in this frame. Also some complementary new results are proved and some open
questions are raised.

10.1 Introduction

In this paper we complement the classical two-dimensional Hardy-type inequality
by E. Sawyer (see Theorem 8 below) in various ways. In this case three different
(independent) conditions are used to characterize the Hardy inequality for the case
1 < p < g < oo. In this review article we have unified and extracted ideas and
results from the Ph.D. theses [33] and [34] (see also [12]), which are closely related
to this important result of E. Sawyer. Also some complementary results and ideas
are included and discussed in this frame.

Following the ideas introduced by A. Wedestig [34] (see also [35]) in Sect. 10.2
we state and prove the fact that in the case when the weight on the right hand side is
of product type, then only one condition is necessary and sufficient for this Hardy-
type inequality to hold. In Sect. 10.3 we state and prove that as a limiting case (when
p — o0) we get a characterization also of the corresponding two-dimensional
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Pélya-Knopp inequality. We also include a second proof of independent interest.
By using induction the results in these Sections can be given also in n-dimensional
settings. Instead of going on in this direction we now turn to another technique used
by E. Ushakova in her Ph.D. thesis [33] (see also [29]). More exactly, in Sect. 10.4
we prove that n-dimensional Hardy-type inequalities in the case 1 < p < g < 00
can be characterized by using just one condition both when the right hand side
weight is of product type and also when the left hand side is. Some similar
results for the case 1 < ¢ < p < oo are proved in Sect. 10.5 but with some
additional restrictions on the weights. In Sect. 10.6 we prove some corresponding
n-dimensional limit P6lya-Knopp type inequalities. Finally, Sect. 10.7 is reserved
for some further results and remarks. In particular, we also discuss the relations
with the Ph.D. thesis by M. Johansson [12] and some open questions are raised.

10.2 On Sawyer’s Characterization of the Two-Dimensional
Hardy Inequality

The following remarkable result was proved by E.T. Sawyer in [30, Theorem 1].

Theorem 1. Let 1 < p < g < oo and let u and v be weight functions on Ri. Then

00 00 [/ X X2 q %
// //f(ll,lz)dlldlz u(xy, x2)dxdx; (10.1)
0 0 0 0

1

oo 00
<C //f(xl,xz)P v(xy, x2)dx dx;

0 0

holds for all positive and measurable functions f on Ri if and only if

1
i [/ »n %

o0 o0
sup //u(xl,xz)dxldxz //v(xl,xz)l_”/dxldxz = A, < o0,
1 0 0

y1,y2>0

(10.2)

and

1

Y1 Y2 /X1 X2 , q q
(f / (f vt o)\ drldzz) u(xl,xz)dxldxz)
00

sup =A; < o0, (10.3)

y1,y2>0 Y1 y2 , P
(ffv(xl,xz)l_l’ dxldxz)
00

and
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7

0000 [ 00 0o ? ,
ff ffu(llnlz)dhdlz V(X],Xz)l_P dxidx;

Y1 y2 X1 X2

sup

y1,52>0 00 00 q
[ [ u(xi x2)dxidx,

=A3<OO.

Y1 y2

(10.4)

Note that in this two-dimensional case all three conditions (10.2)—(10.4) are
needed in order to characterize the weighted Hardy inequality. However, in our
next Theorem we shall point out the fact that in one dimension the situation is
simpler. More exactly, in this case the conditions corresponding to (10.2)—(10.4 ) are
in fact equivalent and each of them can be used to characterize the corresponding
one-dimensional Hardy inequality (see also [3] and [31]).

Theorem 2. Let1 < p < q < o0, and let u and v be weight functions on R4. Then
each of the following conditions are necessary and sufficient for the inequality

q

/ /f(t)dt u(x)dx| =<cC [fp(x)v(x)dx (10.5)
0 \o 0

to hold for all positive and measurable functions on R.
(a) The Muckenhoupt condition,

1 1

X 4

Ay = sup / u(t)dt / v)'Pdr | < oo (10.6)

x>0
X 0

[e]

K

Moreover, the best constant C in (10.5) can be estimated as follows:

1

L !/ v
AM5c$(1+i,)q(1+p—)” Au.
» q

(b) The condition of L. E Persson and V. D. Stepanov,

1

X g X

Aps = supV/(x) 7 /u(t)V(t)‘fdt < 00, V(x) = /v(t)l_'”/dt.
0

x>0
0

10.7)
Moreover, the best constant C in (10.5) satisfies the following estimates:

Aps <C < p'Aps.
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(c) The condition (c.f. (10.4)),

1
/ o7 -
00 [/ 00 p P 0o 7

Aps = sup / /u(s)ds Vi=P (1)dt /u(t)dt <o0o. (10.8)
x>0
X t X

Moreover, the best constant C in (10.5) can be estimated sa follows:
Apg < C < qAys. (10.9)

Remark 3. A direct proof of Theorem 2 can be found in [34]. For the original
proofs of a) and b) see [19] and [26], respectively, and (10.8) is just the dual
condition of (10.7). A much more general result where (10.6)—(10.8) is replaced by
4 different scales of conditions is proved in [8]. For more results, historical remarks
and references in the one dimensional case see the recent book [17] and historical
article [16].

Moreover, it was recently discovered by A. Wedestig in her Ph.D. thesis [34]
(see also [35]) that if the weight on the right hand side is of product type, then, in
fact, 10.1 can be characterized by just one condition (or, more generally, just one of
infinite possible conditions). More exactly our main result in this Section reads:

Theorem 4. Let 1 < p < g < 00, 51,52 € (1, p) and let u be a weight functions
on Ri and let vi and v, be weight functions on R4.. Then the inequality

o0 o0 X1 X2 q %
// //f(llﬁlz)dhdlz u(xy, x2)dxidx, | <
00 \0 0

1

o0 o0
C //f”(xl,xz)vl(xl)vz (x2) dx1dx; (10.10)
0 0
holds for all measurable functions f > 0 if

syl sl
Aw(sl,SZ) = sup Vl(ll) P Vz(lz) 7 X

1., >0

1
q
P52

//u(xl,xz)Vl(xl)q(%)Vz(xz)q(T)dxldxz < oo, (10.11)

non

1 , 15 ,
where V) (11) = fV](X])l_p dx, and Vz(tz) = fVQ(Xz)l_p dx,.
0 0
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Moreover, if C is the best possible constant in (10.10), then

p P »
sup (,;%1) , (P Sz) Aw(s1,82) <C (10.12)
fssasp ( = ) + s1—1 (PfSZ)

p—si
1
(’”‘1)’”

pP—5

Proof. Let f?(x1,x2)vi(x)v2(x2) = g(x1,x2) in (10.10). Then (10.10) is equiva-
lent to the inequality

h\‘ —

—1
< inf Aw(Sl,Sz) (5 )

1<s1,52<p S1

K.

00 00 [ X1 x| q
// //g(ll,tz)ivl(11)_£V2(t2)_%dt1dlz u(xy, x2)dxidxy | =<
o0 \0 0

00 00 ¥

//g(xl,xz)dxldxz . (10.13)

00

Assume that (10.11) holds By applying Holder’s inequality, the fact that - d V1 (1) =

v = Vl(fl) Vz(lz) = nt)'" = wn)” ' and Minkowski’s

inequality we have

Q=

oo o0 X1 X2 q

1 _1 _1
// //g(ll,lz)pvl(ll) pVQ(lz) rdtidty u(xl,xz)dxldxz
0 0 0 0

00 00 [/ X X2

1 =1 =1
// //g(ll,lz)”Vl(ll) 7 V() 7 X
00

1

q
V](Z]) P V](l]) PV2([2) 1’ Vz(lz) Fdl]dlz) u(xl,xz)dxldxz)

q

xp x2 P

// //g(flJz)Vl(fl)” Yy (ty)2 dndt, | x
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X1 P

_ =1y _r
Vitt)” 7 vit) rdy X

0

~Ja

Vi _(s2=1)p’ _r
/ Vo)™ 7 vatn) "dtz) u(x1, xa)dxydxs
0

1 L/ o0 o0 X1 X2

— P
-2 (2 (][ o
P — 51 — 8
0 0 0 0
1

Vo) dndn)* i) T o) T xz>dx1dxz)"

p_l # p - o
(P—S1) (p_sz) //g(tl ) Vi(t) Va(t2)

ya
q
//V](X]) o VQ(XQ)( r )u(xl,)C2)dX1d)C2 dtidty

nh B

1\7 1\7 s

_ 7 _ o7

< (p ) (p ) Aw (s1,52) //g(l‘l,lz)dlldlz
P —5 p—5 e

Hence (10.13) and, thus, (10.10) holds with a constant satisfying the right hand side

inequality in (10.12).
Now we assume that (10.10) and, thus, (10.13) holds and choose the test function

A

==

1

g(x1,x2) =

() GEe) -

Vi)™ v () P Vat2) v (602) P 20 (1) X 02) (X2)

p
+ (#) Vi) ™ v () 77 Va(x2) 20 (32) P 100 (X1) X (12.00) (X2)
(10.14)

)4

+ (pis) Vi) 7 v () P Va(12) T2 (02) 7 Xy .00) (X1) X (0.12) (X2)
— 92

Vi) T o) P Va(2) 202 (02) ' sy 00y (1) X (1.00) (2),
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where 11,7, are fixed numbers > 0. Then the integral on the right hand side of
(10.13) can be estimated as follows:

1
[ elNe ] V4

//g(xl,xz)dxldxz =
00
[5)

n
p r —s1 1-p P ? -5 1-p’
Vi)™ vi(xr) "7 dxy — | Va(ta)™va(x2) "7 dxs
g P— 5 ; P —5

o0

1
P
+/( P ) Vi) S vi(xp)' 7 dxl/Vz(xz)_”‘vz(xz)l_” dx; (10.15)
0
o0

P — 5
n

5]

p
+/Vl(xl)_slvl(xl)l_p/dxl/(pis) Vz(tz)_szn(m)l_p/dm (10.16)
— 8
0

1

o0 o0

+/I/1(xl)_SIV1(X1)l_p/dX]/Vz(xz)_sz\)z()(jz)l_ljldxz

t 1)
1
p l » 1—s I1—sp
(( P ) + ) Vi) » Valtz) 7 .
p— 5 sy — 1

() 55

Moreover, the left hand side of (10.13) is greater than

-

n

// / £ Vl(tl)_%vl(yl)l_p/dyl
g P — S

_52 s
X / P Va(t2) ™ 7 va(y2)' 7 dy>

p—5
0
I3} X2
+ /pfsl Vi)™ 7 i)' =7 dy, /Vz(yl)_%vz(h)l*p/dh
0 [5)
X1 t

_5 7 _52 7
* /Vl(yl) rvi(y)' 7 dy, [pps Va(t2)™ 7 va(y2)' ™7 dys
— 92
1 0
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X1

* /Vl(yl)_%vl(%)l_p/dyl

n

X2 q q
_%2 7
X /Vz(h) P va(y2)' 7 dys u(xy, x2)dxdx;

5]
1
q

=.=-" //u(xl xz)Vl(xl)q( , )Vz(xz)q( )dxldxz
p—8S1p—5

h n

Hence, (10.13) implies that

1
q

=7 //M()ﬁxz)Vl(Xl)q( ? )Vz(xz)q( )dxldxz
p—S1p—%
1 b
V4 1 L pr 1 L
P V4 1—s 1—s
sc(( P ) n ) (( ? ) T ) Vi)' V() 7
P — 81 s1—1 p— 5 s> — 1

i.e. that

1 1
» 14 » » P P
pP—Ssi1 p—s2
4 ? + 1 )4 P + 1
p—s1 s1—1 pP—s2 s2—1

sp—1 s—1
Vilt)) » Valta) 7 X

1

//M(X1 Xz)Vl(xl) ( ; )V(XZ)q( )dxlde <C.

We conclude that (10.11) and the left hand side of the estimate of (10.12) hold. The
proof is complete. O

10.3 The (Limit) Two-Dimensional P6lya-Knopp
Type Inequality

The main result in this section is just the following natural limit result of Theorem 4:

Theorem S. Let 0 < p < g < oo and let u and v be strictly positive and
measurable functions on Ri. Then
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o oo X1 X2 q
1

// “\ax //logf(y"yZ)dyldyZ u(xy, x2)dxydx; (10.17)
1X2

0 0 0 0

1

oo

<C / ST (x1, x2)v(xy, x2)dx1dx;
0

0

for all positive and measurable functions on [0, 0o] x [0, 0o] if and only if

1
q

(o elNe o]
sp—1 sp—1 _ 519 _ 529
P P P P P
Dw(s1.52) == sup y, 7 ¥, //xl X, P w(xi, x2)dxidx; | < oo,

y1€(0.b1)
2€(0.b2) R
(10.18)
where 51,52 > 1 and
q
1T F 1 ’
w(x), xp) = |e —/flog dndt, u(xy, x2) (10.19)
Xix ) v(t, )

and the best possible constant C in (10.17) can be estimated in the following way:

1 1
e’'(s1—1) )P ( e2(sy — 1) )P
S Dy (s1,8) <C 10.20
sl,slilzl(esl(sl_l)'Fl esz(s2_1)+l W( 1 2)_ ( )

. s1+sp—2
< inf e 7 Dy(s,s).
s1,50>1

Remark 6. For the case p = g = 1 a similar result was recently proved by H. P.
Heinig, R. Kerman and M. Krbec [9] but without the estimates of the operator norm
(= the best constant C) in (10.17) pointed out in (10.20) here.

Remark 7. 1Tt is easy to see that the inequality

Ze %Ojlnf(t)dt dx <e 07of(x)dx

may be regarded as a limit case (as p — 00) of the original Hardy’s inequality

70 i[xf(t)dt pdx < (ﬁ)p]ofp(x)dx.
0 0 0
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This inequality is sometimes referred to as Knopp’s inequality but it was obvious
known to Polya before (see [16] and the references given there), so nowadays it is
usually referred to as the Polya-Knopp inequality. Therefore it is natural to regard
(10.17) as a two-dimensional Pélya-Knopp type inequality.

Proof. 1If we in the inequality (10.17) replace f7(x1, x2)v(x1, x2) with f7(x,x2)
and let w(xy, x») be defined as in (10.19), then (10.17) is equivalent to

/i

oo o0
=C //fp(xl,xz)dmdxz
00

~ x| X2 q q

1
e —//logf(yl,yz)dyldyz w(xy, x2)dx1dx;
X1X2
00

1
P

Further, by using Theorem 4 with the special weights u(x, x2) = w(xy, x2)x; “x; ¢
and vi(x1) = v2(x2) = 1 we have that

X1 X2 q

00 00 |

// //f(tl,lz)dlldlz w(xl,xz)dxldxz (10.21)
X1X2

0 0 0 0

1

P

Q=

oo o0
=C //fp(xl,xz)dxldxz
00

holds for all f > 0 if and only if

sp—1 sp—1

o0 o0
. —s1 L 54
Aw(s1,82) = sup ;7 t, " wxix2)x, "x, Tdxidx; < 0.

t,60>0

Hn b

(10.22)
We note that Ay (s1, $2) coincides with the constant Dy (s, s2) = Dw (51, 2,4, P)
defined by (10.18) and (10.19). Moreover, if C is the best possible constant in
(10.21), then

S =

1
r \’ ? p \’
p=si p—s2

sup

8y
P p
l<si.sn< P 1 P 1
P (P—Sl + s1—1 p—s + so—1

1 1
—1\7 —1\7
< inf DW(sl,sz)(p )” (p )". (10.23)
p—si

T l<sism<p

Dw(s1.5) < C
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Now, if we replace f in (10.21) with f*, 0 < o < p and after that replace p with
2 and ¢ with £ in (10.21)~(10.23), then we find that, for 1 < 51,5, < Z,

00 00 | X1 X2 q q
/f —[/fa(ll,tz)dtld[2 W(Xl,XQ)dxld)Q (10.24)
0 0 0 0

X1X2

1

p

< Cq //fp(XhXZ)dxldxz
00

holds for all f > 0 if and only if Dy (s1,s52, L, 2) = Dy, (s1.52.9. p) < oo.
Moreover, if C, is the best possible constant in (10.24), then

1
=)\ )Y
p—asy p—osy
sup 5 5 Dy, (s1,52,9, p) < Cy
1<s1,92<p )4 + 1 )4 + 1
p—asy s1—1 p—osy so—1
p—a p—a
. p—a '\ e p—a \ @
< inf Dy, (s1,5.9.p) e .
I<s1.52<p p —as p—as

(10.25)

We also note that

1

X1

X2 o
1 1
/ [t )dndn | e
0

X1 X2

//lnf(ll,l2)dlldl2, aso — O4.
X2

0 0

X1X2
0

X1

We conclude that (10.18) holds exactly when limsup C, < oo and this holds,
a—>04

according to (10.25), exactly when (10.22) holds. Moreover, when o — 04 (10.25)
implies that (10.20) holds. For the lower estimate we apply the testfunction

g (x1,x2) = go (x1.x2) = 1715 X(0u) (X1) X(02) (X2) + (10.26)

-5 5,1

1 X0 (1) x—iX(zz,om (x2) +
2
e gl _
x—sll)((zl,oo) (1) &5 X (0. (x2) +
1

e—(Sl-‘rSz)[lSl_ltSZ_l

2
e X(11.00) (X1) X(12.00) (X2) -

The proof is complete. O
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Remark 8. This proof shows that the Pdlya-Knopp inequality characterized in
Theorem 5 may be regarded as a natural limiting inequality of the (Sawyer type)
Hardy inequality characterized in Theorem 4.

We will finish this Section by presenting an alternative proof of Theorem 5 which
is independent of Theorem 4 but heavily depending of the following well-known
two dimensional version of the Minkowski integral inequality:

Lemma?9. Letr > 1, —o0o < a; < b <00, —00 < ay; < by < oo and let ® and
W be positive measurable functions on [ay, b1] X [aa, by]. Then

by by X1 X2
//‘p(xl,xz) //'I’(J’h)fz)d%dyz dxydx; (10.24)
ay a
1
1 2 1 2
f/‘”)ﬁ »2) /f¢(x1,x2)dx1dz dydy,
ay a Vi Vi

For an elementary proof of Lemma 9 see e.g. [34, p. 41]
Alternative proof of Theorem 5. Let g(x1,x3) = f?(x1,x2)v(x1,x2) in (10.17).
Then we see that (10.17) is equivalent to the inequality

by by 1 X1 X2 P
// //logg(yl,yz)dyldyz X (10.25)
X1X2
0 0 0 0
1
. 7 1 ’ '
//log dnhdt, u(xl,xg)dxldxz
X1X2 v(t1, 1)
0 0
1
b] b2 V4

<C //g(XhXZ)dxldxz
00

If w(x1, x») is defined by (10.19), then we can equivalently write (10.25) as

1
¢ 1
by by X1 X2 ? 4

1

// e\ //logg()m)’z)dwdyz w(x1, x2)dxdx; (10.26)
1X2

0 0 0

1
by by r

<C //g(xl,xz)dxldxz
0 0
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Let y; = x1t; and y, = x»t; and (10.26) becomes

1

b by 11 » q
// e //logg(xltl,xztz)dtldtz w(xy, x2)dx1dx;
0 0 0 0
by by »
=C //g(xl,xz)dxldxz . (10.27)
0 0
By using that

4
p

11
e/]logt‘f‘_‘t;z“dtldtz = e W1tn}
00

and Jensen’s inequality, the left hand side of (10.27) becomes

¢ 1
by by ? K

11

s1+sH—2

e 7 // e//log (tf‘_ltgz_lg(xltl,xztz)) dnidty | w(xy, x2)dxidx;
00 00

Ky,

by by 11 ;
< eSlJr+72 //tlsl_lt;z_lg(xltl,xztz)dtldtz w(x1, X2)dx1dx,
o0 Lo 0
by by %1 1 H ‘
=€Sl+}+_2 f/ //yf‘_lyiz_‘g(yl,yz)dyldyz %dmdxz
00 Lo o xilpxizp

Therefore, by also using Proposition 9 with r = % for p < q and Fubini’s theorem
for p = g, we find that the left hand side in (10.27) can be estimated as follows:

s1t+sp—2
<e
» 1
b1 by by by q ?
1 1 - =t
s1—1 . so—
X /fyll ¥ gy, y) //xl " xy T w(xi, x2)dxidxy | dyidys
0 0 )2
1
by by 3

s1+sp—2

<e 7 Dw(s1,5) //g(Y1,y2)dy1dY2
00
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Hence, (10.27) and, thus, (10.17) holds with a constant C satisfying the right hand
side estimate in (10.20).

Now, assume that (10.17) and, thus, (10.26) holds. For fixed #; and 1, 0 < 11 <
b1,0 < t, < by, we choose the test function 10.26 .Then for the right side of (10.26)
it yields that

b1 by

//go (1. y2) dydy»

0 0
o t by . vz I
/[’1 y dyld)’2+// ——dndy:

0 n

<=

by 1

_le—vl 1 1 —(Y1+Y2)t‘1 12‘1 1
// dyldyz+[/ T dyidy>

n n

e %2 tr sp—1 P f s1—1
<1+S2_1(l_(5) )+S1_1<1_(b_1) )
+ e_sle_52 1_ (1_1)51—1 1_ (t_z)sz—l ];

(s1=D(s2—1) b, by

1 e—Sz e—Sl e—xle—sz
+ + + :
( -1 s5—1 (Sl—l)(sz—l))

IA
-

ie.,
1
I L (e s =)+ 1\ (e — D)+ 1)
et (s] — r o e%2 (s, — »
, dyid <
//go(y1 y2) dyrdys _( PR ) ( Y r— )
0 0
(10.28)
Moreover, for the left hand side in (10.26) we have
q 1
by by i x| X2 ? i
//w(xl,xz) e ;//logg(yl,yz)dyldyz dxidx, >
0 0 2 0 0
(10.29)
1
by by x| X2 % K

1
//w(xl,xz) e —//logg(yl,yg)dyldyg dxidx,
X1X2
0 0

b
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With the function go(y;, y2) we get that

X1 X2

1
e ;//IOggo(y],yg)dyldyz =e(i+ L+ 6+ 1),
1X2
00

where

1

1 1t nt
h=— [ [ros (i) dyidy: =~ togn — % togen
X1X2 X1X2 X1X2
0 0

I X2

—32 52 1
L = //log (tl 52 )dyldyz
X1X2

t nt t
——llogt] + ilogtl 4+ (s2—1) & logt, + Llogtg —sz—llogxz,
X1 X1X2 X1 X1X2 X1

X1 I —Sl 51 1
I; = //log( )dyldyg
X1X2

15
——210gt2 + ilogtz + (51 — 1)—210gt1 +
X2 X1X2 X2

1385
X1X2

153
logt; — 51— log x,
X2

and

1 nt
I4=(sl—l)logtl—(sl—l)—zlogtl+ 172 logt
X2 X1X2
h 1385
4+ (52— 1Dlogty — (5o — 1) —logt, + —— logt,
X1 X1X2
n 1)
—s1logx; + —logt + 51— log x;
X1 X2

t t
—sp log xy + = logt, + sz—l log x;.
X2 X1

Now we see that

t(sl lt(sz 1)
L+L+5L+1=log|t—2—
X1 X
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so that, by (10.29),

by by

n B

n n

S
o

X1 X2
1
//W(xlyxz) e —//loggo(yp)@)d)ﬁdyz dxdx;
X1X2
0 0
by by (Sl 1) (Yz 1)
//W(xlaxz) S] 52 dxldxz

1
q

Hence, by (10.26) and (10.28),

Q=

b by

1" t2 // ; “w(xy, x2)dx1dx, <

 n

c el (si—1)+1 g e (s —1)+1 »
( e (sp—1) ) ( e (s2—1) ) ’

i.e.

(esl (s1—1)+1

e’ (s —1) )é( (s, — 1) );DW(SI $) < C.

e2(s,— 1)+ 1

We conclude that (10.18) and the left hand side inequality of (10.20) hold. The proof

is complete.

O

Corollary 10. Let0 < p < g < 00, and a1, 03, B1, 2 € R. Then

/11

<C

1
XX q q

//10gf(y1 ya)dyidy: | | x{'x52dxidx, | (10.30)

X1X2

o0 o0
//fp(xl,xz)xllxgzdxldxz
00

holds for all positive and measurable functions f on ]Rﬁ_ with a finite constant C if

and only if

and

a+1  Br+1
q p

o+l  Br+1

q p

’

and the best constant C in (10.30) can be estimated as follows:
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' ! 1 1
(s — 1) e2(sp — 1) » 1 1 q
sup - - — . X
st \estsi =1 +1 e2(s—1)+1 s1—1 s5—1

2
P (E)q <C <L (10.31)
q

o] 0

Proof. Apply Theorem 5 with the weights u(x, x2) = x7'x;” and v(x1,x2) =
x’lg ‘xzﬂ *. The left hand side estimate of (10.31) follows directly and for the right
hand side we can use the optimal values s; = 1 + g and 5, = 1 + g found by
B. Opic and P. Gurka [25] and obtain

. 1 1 7 Bitbrtsitn=2 (p :
C < inf . e » £z
sio>1\sp—1 s, —1 q

1 1 2
— inf ( ! '),, " inf ( ! )q e (E)q
s>\ s — 1 s>1 \ 5o — 1 q

B1+82
=e 7’

2
+2

The proof is complete. O

Remark 11. If p = ¢, then the inequality (10.30) is sharp with the constant C =
BitBr+2

e G , see Theorem 2.2 in [10].

Remark 12. By using the techniques and results in this section and induction all
results can be formulated and proved also in an n-dimensional setting (see [34]).
However, in our next Sections we will prove some closely related results by
using another technique, which was recently presented in another Ph.D. thesis by
E. Ushakova [33].

10.4 The Multi-dimensional Case1 < p < ¢ < o0

In this and the next sections we deal with the inequality

(/n (H, f)! (x)w(x)dx) <C (fl f”(y)v(y)dy) 7 (1032)

R, RY

where

(H, f) (x)=/0 ]/0 ftet)dtydty, X = (Xp.0) € R
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and one of the two weight functions v and w is of product type, that is where

v(y) =vis .. Yn) = vi(v1) - v () (10.33)

or
w(x) = w(xg, ..., xX;) = wi(xy)...w,(x,). (10.34)

Conditions (10.33) and (10.34) are satisfied, for instance, by a power function of n
variables.

In this Section we obtain new necessary and sufficient conditions for the
validity of (10.32) in the case 1 < p < g < oo and when (10.33) is satisfied. The
same problem is considered here with the assumption (10.34). Our estimates are
n-dimensional analogies of well known criteria for the one-dimensional integral
Hardy inequality (see [8], [18] and [27]).

In the next preliminary Lemmas we state some necessary conditions for the
inequality (10.32) to hold in the case 1 < p < g < oo without any restrictions on
the weight functions w and v. These Lemmas are useful in our proofs later on but
also of independent interest because they indicate the problem to extend Theorem 8
to the n-dimensional case.

Lemma 13. Let 1 < p < g < oo and assume that the inequality (10.32) holds for
all measurable functions f onR', with a finite constant C, which is independent on
f. Then

1
sup W(t,....t)1V(t, ... 1,)7 < oo, (10.35)
i=ti1%.9.$n
where o o
W(ty,... . t,):= W(t) :/ [ w(x)dx
1 ty
and
n Iy ,
V(ty,....t,):=V(t) =/ / v(y)lfp dy.
0 0
Proof. Fort = (t;,...,t;) suchthatt; > 0,i = 1,...,n, we take a test function

A= 20O - X0 Gn)v®)' (10.36)

and put it into the inequality (10.32). Then we have that

==

(fm (o' " fiyydy)’ W(X)dx)

C > .
(fwF KL v(y)d y) '
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(f:of:o W(X)dx)é ( 0" Ol” v(y)l’f’/dy)

1

( 0” Ot” v(y)l—l’/dy);

Thus, (10.35) follows by taking the supremum overall ; > 0,i = 1,...,n. O

— W)V

>

Lemma 14. Ler 1 < p < g < 0o and suppose that the inequality (10.32) holds for
all measurable functions f on R’ with some finite constant C independent on f.
Then

1 f tn 5
sup V(ty, ..., ty) » (/ . / W(X)V(X)qu) < 00. (10.37)
0 0

Proof. This statement follows evidently by substituting into the inequality (10.32)
the function fi(y) (see (10.36)) fort = (¢,...,t,) suchthatt; > 0,i =1,...,n.
O

Lemma 15. Let 1 < p < g < oo and assume that the inequality (10.32) holds for
all measurable functions f on R with some finite constant C independent on f.
Then

3|~

_ 1 o0 o0 ’ ’ )4
sup W(ty,....t,) ¢ (/ / v(x)! 7P W(x)pdx) <oo. (10.38)
ti>0 1 iy

i=l,..n

Proof. By duality the inequality (10.32) is equivalent to the inequality
-5 %
p/ 1—p ’ ’ 1—q’ 4
( / (Hyg)" (xv'=” (x)dx) <C ( / gr (yw' ™ (y)dy) (10.39)
R", RY,

with the dual operator H,* defined by

oo oo
(Hg)(x):= / / gly)dy, xi,....x, > 0. (10.40)
X1 Xn
Now (10.38) follows by substituting into the inequality (10.39) the function

2t(Y): = Xir1.00) (V1) - -+ Xtn.00) (V) W(Y)

fort = (t1,...,t,) suchthats; > 0,i = 1,...,n, and taking supremum. O

Remark 16. Note that for n = 2 the statements of Lemmas 13 — 15 follow from
Theorem 8.
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The first main theorem in this Section reads:

Theorem 17. Let 1 < p < g < oo and the weight function v be of product type
(10.33). Then the inequality (10.32) holds for all measurable functions f on R’
with some finite constant C, which is independent on f, if and only if Ay, < o0,
where

A= sup Wtrs. oo ) TVi0)7 . Vi(tn)? (10.41)
2o
and i
V,»(t,-)::/o vi ()7 dx;, i=1,...,n.

Moreover, C ~ Ay, with constants of equivalence depending only on the parame-
ters p, q and the dimension n.

Proof. The necessary part of the proof follows from Lemma 13 while the sufficiency
can be obtained from the n-dimensional extension of Theorem 1 and from the
following Lemma: O

Lemma 18. Let

sn—1

s1—1
Aw = Ay (s1oo.os)i= sup Vi(t) 7 ... Vo(ta) 7

1

o0 o0 ap=sy) a(p=sn) q
X (/ / wx)Vilxy) 7 o Va(x,) P dx) ,
1 th

wheres; € (1,p),i =1,...,n. Then

Aw, < Ay, . (10.42)

Proof. Letn =2and sy = s, = HT” Then

1 1 o0 oo e q é
Aw, = sup Vi(t) > Va(ta) > (/ / w(xy, x2) Vi (x1) 2 Vz(xz)2f'/dx2dx1) )

t1,1p>0 151 %)
Since )
g q [* 1-p' 751 .
Vi)W = —/ WO Vi Ny, i =12,
2p" Jo

we have that

Vl(xl)zi”'Vz(xz)zi”'

= ([/0 | +/} "l(yl)“”'lfl(yl)iﬁ'_ldyl)
) (Uo -+ /] va(y2)' Vz(yz)qu'_ldﬂ)
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t

151 , q ) - L,_
:/ )T Vi) ]dyl/ () T Va(y2) ¥ " dy,
0 0

X1 , q X2 ., L,_
+/ i)' Vi) dy, f v2(y2)! 7 Va(y2) ¥ dys
1 t

X

g ’ a4 _ 2 . a4 _
+/ i) TP V() Y ld)’I/ va(y2) P Va(y2) 2 dys
0

5]

Xl ’ i f2 . 94 _
+/ v P Vi) > 1dyl[ va(y2)' TP Va(32) % " dy,
4 0

=1+ 1In+1n+ I

Thus,
/ / w(xi, x2)Vi(x1) 2" Va(x2) 2" dxpd xy
131 15
o0 o0
%/ / w(x1,x2) [I11 + Iz + 12 + I21] dx2dx,
131 15

=:Ju+ Jn+ Jio+ Ja.

Clearly it yields that
1 1 1
Vi(0)> Va(ta) ' [In]t < Au,-

Further

0o poo X1 Iy 4
151 15 131
X

2 ’ 4 _
) (/ v2(y2)' 77 Valy2) ¥ ldyZ) dxzdxi
[5)

. / . / L (10.43)
=/ [ Vi) TPV va(32) T Va(y)
1 %)

o0 o0
X (/ / w(xl,xz)dxzdxl) dyrdy,
1 2

o]

o0 P 7 49 -
= A?m/ Vi) i)' ’”dy1/ Va(y2) "2 " va(y)' P dys
n

5]

P .
L AQ, i) 2 Va(n) 2.
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Hence,
1 1 1
Vi(t) " Va(t) ¥ [Jn]e < Ap,.

The terms with Ji, and J,; are estimated analogously. The method works for any
n > 2 by induction and the proof is complete. O

Remark 19. The condition Ay, < co may be regarded as a natural end point of the
conditions given in the n-dimensional version of Theorem 4 and also as a natural
generalization of the usual Muckenhoupt-Bradley condition in one dimension.

The alternative criterion for the Hardy inequality (10.32) to hold with product
type weight v satisfying (10.33) in the case 1 < p < g < oo is stated by the
following

Theorem 20. Let 1 < p < g < 0o and the weight function v be of product type
(10.33). Then the inequality (10.32) holds for all measurable functions f on R%
with some finite constant C, which is independent on f, if and only if Aps, < o0,
where

_1 _1

Aps,:= sup Vi(t)) 7 ...V, (ty) 7
ti>0
i=l,..n

« (/1/ w(X)I/l(xl)q...V,,(xn)qu)q. (10.44)
0 0

Moreover, C a Apg, with constants of equivalence depending only on the parame-
ters p,q andn.

Proof. The necessary part follows from Lemma 14. The proof of the sufficiency can
be obtained from Theorem 17 and the following Lemma 21. O

Lemma 21. We have
AM,, < APS,,- (10.45)

Proof. Letn = 2. Suppose first that V;(c0) = V3(00) = oo. Then
o0 o0 o0 o0
/ / W()C],Xz)ddexl = / / W(X], XQ)Vl ()C])q V] ()C])iquldXQ
I3 %) 15} &

= CI/I2 le W(Xl,X2)Vl(X1)q (/Xl Vl()’l)_q_]dVl(yl)) dxidx,

=q /:0 flloo V](yl)_q—l (/'IYI W(X1’x2)V1(X1)qu1) dVi(y1)dxs

t

56]/ V1()’1)_q_l/ Va(x2) 7 Va(x2) ™1 (/Oylw(xhxz)M(xl)qdm) dx2d Vi(y1)

1 5]
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o0 o0
=< q2/ / Vi)™ Va(y2) !
1 %)

2 V1
X (/ / W(xuxz)Vl(xl)qu(xz)quldxz) dVa(y2)dVi(y1)
o Jo

2 [T —4 - —4 -
= q Aps, Vilyr) ¥ Va(y2) » dVa(y2)dVi(yr)
1 15

s

_a _
= (p) AL, Vi) 7 Va(t) 7.
Thus, we get that

L ([T T ‘
Vi) Va(ta) (/ / W(xl,x2)dx2dx1) < Aps,.
n 5]
Further, suppose that V;(c0) < oo forall i = 1, 2. Note that
o
V) =V kg [ GO0, =12 (1040

Therefore,

o0 o0
[ / wi(xy, x2)dxrdx;
n 153

2/ / W(X],Xz)V](Xl)qu(Xz)qvl(X])_qVZ(Xz)_quld)Q

%) 151

= Vl(oo)_qu(oo)_qf [ W(Xl,Xz)Vl(xl)qV2(X2)qu2dX1
1 %)

+QV1 (OO)_q/oo/ooW(xl,xZ)Vl (Xl)qu()Q)q (/Oon(yz)_q_ldVZ(yz)) dXZd)Cl

X2

+qV2(00)_q// w(xr, x2) Vi(x1)?Va(xz)? (/ Vl(yl)_q_ldVI(YI))dxldxz

X1

o0 o0
+q2/ / w(xr, x2) Vi(x1)Va(x2)
15 1

x( f / Vl(yl)—q—lVz(yz)—q—ldvxyz)dvl(yl)) dx1dx;

=:Ju + Jiz + Jo + Joa.
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Obviously that

Jit =W (OO)_qu(OO)_q/ / w(x1, x2)Vi(x)Va(x2)!dx2d x,
o Jo

_4 _4a
< A% Vi(00) 7 Va(o0) 7.

By changing the order of integration we have that
oo o0
Jio < qu(OO)_q/ / w(xr, x2) Vi(x1)?Va(x2)?
0 15

X (/X Vz(yz)_q_lde()&)) dxydx; < qu(OO)_q/O /h Va(y) 47!

2

» (e’
X (/0 wi(xi, x2) Vi(xp)? Vz(xz)quz) dVa(y2)dx1 =gV (00)_4/ Va(y2) 47!

X (/y2 /oow(xl,Xz)V](X])qu(Xz)qd)del) de(yz)
0 0

oo

4 4 _
< qA%g, Vi(00) 7 / Va(y2) 7 dVa(y2)
1)

a4
7

4 _ —4 —4
= A, [Vi(00) 7 Valt) 7 = Vi(o0) 7 Valoo) 7 |
Analogously,
' 44 gk g o
Jor < p'Abs, [Vl(fl) 7" Va(o0) 7 = Vi(oo) ¥ Va(o0) ¥ ]

By changing the order of integration we have for J, that

oo 0o Y1 Y2
Jn < 42/ / (/ / W(Xl,Xz)V](Xl)qu(Xz)quzdxl)
1 1 0 0

xVi(y1) ™ Vo)~ d Va(y2)d Vi(y1)

N2 g4 ~% o S |
= (PP A%, [Vile) 7 Vo) 7 = Viloo) W Valtr) 7
. -4 -4 -4
—Va(t) 7 Va(00) 7 + Vi(o0) 7 Valoo) 7 |

Therefore, it follows that

n n 1 2
Vi) 7 Va(t)? [J11 + Ji2 + Ja1 + J]e < (p)a Aps,.
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Consider now one of the mixed cases when V1 (0c0) = oo and V3 (00) < oco. Write

/ / W(Xl, XQ)d)Czdxl
1 15

o0 o0
=/ / wi(xi, x2) Vi(x1)?Vi(x1) ™ dxi1dx;
153 11
:q/ / w(xy, x2) Vi (x1)? (/ Vl(yl)_q_ldVl(yl)) dxidx;
15 151 X1

oo o0 V1
<q / / Vi) ! (/ w(xl,xz)vl(xl)qul)dvl(yl)dxz.
[5) n 0

Further, by using (10.46) with i = 2 we get that

/ / W(xl,)C2)dX2dX1
n 15

fq/ Vi (J’l)_q_lf (foylw(X1,xz)Vl(x1)qul)V2(xz)q Vo (x2) "1 dx2d Vi(y1)

15}

Zqu(OO)_q/oon(yl)_q_l/Oo(/ylw(xh)Cz)V] (xl)qu1)V2(xz)qude1 (1)
1 t 0

+612/ Vi (yl)_q_lf (/‘y} w(xl,xz)Vl(m)qul) V(x2)?
0

151 15

< ( / ” Vz(yz)_q_lde(yz)) dxd Vi)

X2

Squ(OO)fq/ Vi(y) 7! ([0 /OJYIW(XLxz)Vl(Xl)qu(xz)qudxz) dVi(y1)

+612/ Vl(yl)_q_lf Va(y2)~4"!

15}

1
V1 2
X ([ / w(xt, x2) Vi (Xl)qu(xz)qusz) dVy(y2)dVi(y1)
0 0

e

N2 A4 -4 -
= (p) Aps,Vi(t) 7" Va(ta) 7.
Hence, it yields that

1
7

1
N o oo M 5
Vi (l])p, Vz(lz)p (/ / W()C],)Cz)d)Czd)C]) < (p/)‘? Apsz.
131 15
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The case Vi(o0) < o0, Va(00) = oo can be proved analogously. The proof for
n = 2 is complete. For any n > 2 the statement of Lemma follows by induction and
the proof is complete. O

Further we discuss the inequality (10.32) with the left hand side weight function
of product type. In particular, in Theorems 25 and 26 we state a Muckenhoupt-type
and Persson-Stepanov-type criteria for the inequality (10.32) to hold in the case
1 < p < g < oo with the left hand side weight w to be of product type (10.34). The
proofs of these results are analogous to the proofs of Theorems 17, 20 and based
on some statements formulated below. The first of them is dual to n-dimensional
extension of Theorem 4 and reads:

Theorem 22. Let 1 < q¢' < p' < o0,s € (1,4),i = 1,...,n, and the weight
function w be of product type (10.34) Then the inequality (10.39) holds for all
measurable functions g if and only if A"V‘Vn < 00, where

si—1 sn—1
A”;V” 1= A”I}%I(sl,...,s,,):z sup Wi(t) 7 ... Wy(ty) 7

. ti>0

1 tn - (¢’ —s1) P/ —sn) P
X v(X) TP Wi(xy) 7 Wa(x,) 7 dx
0 0

and
o0
W= [ witods. Q=1
t
Moreover, C =~ A*W,, with constants of equivalence depending only on the parame-
ters p,q andn.

The following two auxiliary statements are similar to Lemmas 18 and 21,
respectively.

Lemma 23. Let
1
A% = sup Wit)T . Wat) T V(... 1) 7.

t;>0
i=1,...n

Then
A;,” < A}'{,,n . (10.47)

Lemma 24. Let

ne
7

7 Wyt

=

Aps = sup Wi(t)
‘—til>0

N

\‘_.

© © / ’ ’ P
/ .. / vx) TP Wi ()P L W (x,)P dx) .
n In
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Then
A*Mn < A’;Sn. (10.48)

Now by passing to the dual inequality (10.39) of (10.32) we can get a
Muckenhoupt-type and Persson-Stepanov-type criteria for (10.32) with the left
hand side weight w of product type (10.34). The necessity in the proofs of these
results follow from Lemmas 13 and 15, while the sufficient parts can be proved in
the similar ways as in Theorems 17 and 20 but by using Theorem 22, Lemmas 23
and 24 instead of Theorem 17, Lemmas 18 and 21, respectively.

Theorem 25. Let 1 < p < g < oo and the weight function w be of product
type (10.34). Then the inequality (10.32) holds for all measurable functions f
on R with some finite constant C, which is independent on f, if and only if
A*Mn < 00. Moreover, C =~ A*M" with constants of equivalence depending only
on the parameters p, q and n.

Theorem 26. Let 1 < p < g < oo and the weight function w be of product
type(10.34). Then the inequality (10.32) holds for all measurable functions f on
R with some finite constant C, which is independent on f. if and only if A} <
0o. Moreover, C = A*;,S” with constants of equivalence depending only on the
parameters p, q and n.

10.5 The Multi-dimensional Case1 < g < p < o©

In this Section we will prove the similar results as in the previous Section but in the
case 1 < g < p < oo. Let us introduce the following n-dimensional versions of the
Mazya-Rozin and Persson-Stepanov conditions in this case:

1
7

BMR,7:=( W(t)f?mn)?...Vn(tn)q"dvl(n)...an(tn)) :
Ry

Bps,: = (/R” (/:1 .../(;t” W(X)Vl(xl)q...l/,,(xn)qu);
+

1

r

X Vi) V()T idVi(n) V()

The following comparison between these constants is useful later on but also of
independent interest.

Lemma 27. We have
Bps, < Byg,- (10.49)
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Proof. 1t yields that
131 In
/ / w@)Vi(x)? ... Vy(xy)idx
0 0
1 Iy
=q”[ / w(x)
0 0
X1 Xn
X (/ / Vi(y)4™! ...Vn(y,l)q_lan(yn)...dVl(yl)) dx
0 0
1 Iy
<o [ [ WERODT V00T V) V)
0 0
[applying Holder’s inequality with the exponents r/g and p/q ]
151 In B q B q
= [ [ oo L v
0 0
Vi) - Va(yn) " dVy(yn) ... dVi(1)

131 In r r r
<q (/ / WiV TR V) T TR Y, () .
0 0
q
q tl [n 1 1 P
xvl(yl))r(/o fo Vo Ve (o) zdvn<yn>...vl<y1))
qn n n I I
0 0

S g
X Va7 H AV, () . dVin) Vi) V(o)

Hence, we obtain that

rm _rn gl In r T4 r
B, g2t [ (/ N O
! . \Jo 0

X Va7 E V() - dVi(n))

Vit 0 .. V()7 1dVi(t1) ... dV,(ty).

Therefore, by changing the order of integration, we get that
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rn

Bps, = 6172%/ W) Vi) T2 V()7 T
R”
+

r

x(/;1 /n V1(t1)2rp_q...Vn(tn)ZZJ_ZdI/n(t,,)...dVl(tl))

rn._rn 2 "
xdVi(y1)...dVy(yn) < g2 (TP) Biyg,

and the required estimate (10.49) is proved. O

Next we will state a similar comparison between the following dual versions of
the constants Byg, and Bpg,:

1
;

Big,: = (/R V(t)p'/Wl(zl)é...W,,(zn)éd[—Wl(tl)]...d[—Wn(zn)]) :
+

r

B;S,,::</ (/ / V(X)l_p/Wl(xl)p,...W,,(Xn)p/dx)p
R \J1 In

1
x

X Wit 7 o Walty) 7 d [-Wi()] ... d [—Wn(tn)]);.

Lemma 28. It yields that
Bpg < By - (10.50)

Proof. The proof is similar to that of Lemma 27 so we omit the details. O

The following Theorems state necessary and sufficient conditions for the validity
of (10.32)inthecase 1 < ¢ < p < oo with weights satisfying some of the following
additional conditions:

Vi(oo) = ... = V,(00) = 00 (10.51)
or
Wi(0) =... = W,(0) = o0 (10.52)

Theorem 29. Let1 < g < p <ooand1/r =1/q—1/p. Suppose that the weight
function v satisfies the conditions (10.33) and (10.51). Then the inequality (10.32)
holds for all measurable functions f on R", with some finite constant C, which is
independent on f, if and only if Byg, < 00. Moreover, C ~ By, with constants
of equivalence depending only on the parameters p, q and the dimension n.

Proof. Necessity. Suppose that the inequality (10.32) holds with C < oo and put

) = W@ E Vi) vi)' ™ o Ve 17 v ()7
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L r
It is easy to see that (fR,jr f”(x)v(x)dx) ! = B, - On the left hand side we have

1

( / (Hy )" (X)W(X)dx),,
R,

_ (/R (/OXI /Ox f(t)dt) (/OXI /0 f(y)dy)q_lw(x)dx>;
+
_ (fR £(t) (foofoo (/01/0 f(y)dy)q_lw(x)dx)dt);
+ 141 ty

" h In

XV V() V(). d V) (yl))"_lw(x)dx) dVi(n). ..an(m)q

q

r xI I n In r
= / W) Vi) V() (/ / W(y)r
Rq_ 0 0
1
r r_ q—1
X Vl(yl)pq’ --Vn(yn)pq,an(yn)---dVl(yl)) dVl(tl)---an([n))

[since the function W is non-increasingand r/pq’ +1 =r/p'q]

(1.

151 17 r r q_l
(/ / VO . Valom) 7 dVa () ..dvl(yl))
0 0
_ , s 1
X WWOTVI) T - V() 7 V(@) .V, (1))

PaNT -
=(7) Birw,

and the estimate B X;Rn < CB ]g, g, follows. Therefore, Byg, < C < oo.
Sufficiency. Suppose that Byr, < oo. On the strength of (10.51) we find that

/ (H, f)! (w(x)dx
R
(an)q (X)Vl (xl)q Vl (xl)_q e Vn(xn)q Vn(xn)_qw(x)dx

R
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=" [ Vi) T
R'I
+

X (/ / Vi)™ V)T AV () ..dVl(yl)) w(x)dx

< [ (Hy fY OV V()4
R

V1 Yn
X (/ / w(x)Vl(xl)q...Vn(xn)qu)an(yn)---dVl(yl)
0 0

=q”/ {(H ) OVID ™ Va3 Vi)™ - V) ™!
R}

hal Yn
X (/ / wx)Vi(x)?... Vn(xn)qu)} dVy(yn)-..dVi(y1)
0 0

[by using Holder’s inequality with exponents p/q and r/q ]

< Bjs, (/11;{" (H, )P Vi) 7 ... Vn(yn)pan(yn)---dVI(yl)) .

+

Moreover, according to Theorem 20,

q
P

</]R” (an)P (Y)Vl (yl)_p cee Vn(yn)_pan(yn) ...dV (Jﬁ))
4

q
P

< ( f”(x)vl(xl)...v,,(xn)dx)
R

By combining these inequalities we have that

q
P

/ (H, /)? (x)w(x)dx < B (/ f”(x)vl(xl)...vn(xn)dx) . (10.53)
]R’jr ]Ri”+

Therefore, in view of Lemma 27, the inequality (10.32) holds and the proof is
complete. O

The corresponding result with the constant Bpg, involved reads:

Theorem 30. Letl < g < p <oocand1/r =1/q—1/p. Suppose that the weight
function v satisfies the conditions (10.33) and (10.51). Then the inequality (10.32)
holds for all measurable functions f on R, with some finite constant C, which is



298 M. Johansson and L.-E. Persson

independent on f, if and only if Bps, < 0o. Moreover, C ~ Bps, with constants of
equivalence depending only on the parameters p, q and the dimension n.

Proof. The necessity follows from Lemma 27 and Theorem 29. The sufficiency is
proved by (10.53). O

Remark 31. Note that the sufficient parts of Theorems 29 and 30 in fact hold for all
0 < g < p < o0o. Moreover, the necessary parts of these Theorems are correct even
without assuming that the condition (10.51) is satisfied.

By passing to the dual inequality (10.39) of (10.32) we can in a similar way as
above (but now using Lemma 28 instead of Lemma 27) get the following results for
the case 1 < ¢ < p < oo with the left hand side weight w of product type (10.34).

Theorem 32. Let1 < g < p <ocoand1/r = 1/q — 1/ p. Assume that the weight
function w satisfies the conditions (10.34) and (10.52). Then the inequality (10.32)
holds for all measurable functions f on R" with some finite constant C, which is
independent on f, if and only if B;\}R,, < 00. Moreover, C =~ B;\}R,, with constants
of equivalence depending only on the parameters p, q and the dimension n.

Theorem 33. Let1 <g < p <oocandl/r = 1/q—1/p. Suppose that the weight
function w satisfies the conditions (10.34) and (10.52). Then the inequality (10.32)
holds for all measurable functions f on R, with some finite constant C, which is
independent on f, if and only ifB;;S” < 00. Moreover, C ~ B}’ES" with constants of
equivalence depending only on the parameters p, q and the dimension n.

10.6 Multi-dimensional Limit Pélya-Knopp Type Inequalities

In this Section we will apply the results of Theorems 20 and 30. Namely, we will
characterize the inequality

( / (G f) <x)w(x)dx) sc( [ f”(y)V(y)dy> (10.54)
]R”+ ]R”+

in the case 0 < p < g < oo and give a sufficient condition for (10.54) to hold in
the case 0 < ¢ < p < oo. Here G, denotes the n-dimensional geometric mean
operator.

According to Jensen’s inequality it holds for any x € R} that

(G f)(x) < ﬁ(ﬂnf)(x), (10.55)

where H, is the usual Hardy operator. This fact allows us to find a upper estimate
for the best constant of (10.54) via the inequality (10.32) for the Hardy operator H,,,
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which was considered in the previous section and with a product type weight on one
side. It is useful to rewrite (10.54) in the following way

(/ (Gn,g)? (x)u(x)dx) ‘1 <C (/ g”(x)dx) ' (10.56)
RY, R"

+

with g(x) = f(x)v(x)"/” and
u(x): = (Gyv)(x) "7 w(x). (10.57)

Further, for any 0 < s < ¢ we put p: = p/s, g: = q/s and after a new substitution
g(x) = h(x)!/* the inequality (10.56) gets the form

1/
( / (G,h)? (x)u(x)dx) <C < /
Rfk R

where C = C?*. Therefore, in view of (10.55) we have that the inequality
corresponding to (10.58) for the operator

1/p
h"(x)dx) , (10.58)

n
+

1

X1...Xp

(H,h)(x): = (H,h)(x) (10.59)

has the form

(I

1/p
h? (x)dx) . (10.60)
+

1/
(H,h)" (x)u(x)dx) <C (

n
R,

This is an inequality for the Hardy operator H, with 1 < p,g < oo, w(x) =
(x1...x,)"9u(x) and with the product weight v(x) = 1. Now we are ready to state
and prove our results for the inequality (10.54). Our main result for the case 0 <
p < q < oo reads:

Theorem 34. Let 0 < p < g < o00. Then the inequality (10.54) holds for all
positive measurable functions f on R’y if and only if Ag, < oo, where

| n Iy 1/q
Ag,:= sup t /p...t”_]/” (/ / u(x)dx) (10.61)
>0 0 0

i=l,..n
with u(x) defined by (10.57). Moreover, C =~ Ag, with constants of equivalence
depending only on the parameters p, q and the dimension n.

Proof. Sufficiency. On the strength of (10.55) and Theorem 20 for 1 < p < ¢ < o0
the inequality (10.60) holds if
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B s ~ 1 tn 1/q
Ag, = sup t; /p...tn_l/]’(/ [ u(x)dx) < 00.
4> 0 0

Note that because of definitions of p and g it yields that

1

(AG”) S = AG” .

Therefore, according to the fact that C = C'/5 it follows that Ag, < oois a
sufficient condition for the validity of the inequality (10.54) in the case 0 < p <
q < oo.

Necessity. Suppose that (10.54) and, thus, (10.56) holds with C < oco. Take a test

function 1

»

_1 _
a(y) = X[O,tl](yl)tl P X[O,t,,](yn)tﬂ

and put it into the inequality (10.56). The function g¢(y) is such that the right hand
side of (10.56) is equal to 1. Therefore,

> ) > _%,,_% Il... " 3.
C_(/l.%(Gng) (x)u(x)dx) >t t (/0 /(; u(x)dx)

Hence, by taking supremum over all t;, i = 1,...,n, we have that A, < oo and
the proof is complete. O

Remark 35. Our proof above shows that Theorem 34 may be regarded as a limit
case of the result in Theorem 20.

Remark 36. Note that for the case n = 2 we have here obtained another
characterization of (10.54) Than that in Theorem 5. They are both endpoint char-
acterizations of the corresponding scales of Hardy type inequalities with Wedestig
and Persson-Stepanov type descriptions, respectively.

Moreover, the inequality (10.55) and Theorem 30 allow us to obtain a sufficient
condition for (10.54) to hold in the case 0 < g < p < oco. We state this result in the
following form:

Theorem 2. Let 0 < g < p < oo. Then the inequality (10.54) holds if Bg, < oo,

where
. 1
41 Iy q _r _r "
BGH::</ (/ / u(x)dx) tl"...t,,"dzl...dtn) .
R 0 0

Proof. The statement follows from Theorem 30 by using the same arguments as for
the proof of a sufficiency part of Theorem 34. O

n
+
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Remark 3. Note that the condition Bg, < oo is also necessary for (10.54) to hold
in the case 0 < g < p < oo with the additional assumption that the weight function
u is of product type. In this case we also have that C ~ Bg,, where C is the best
constant in (10.54).

10.7 Further Results and Remarks

Theorem 4 and also the limiting results in Sect. 10.3 are based on the Ph.D. thesis
[34] by A. Wedestig (see also [35]). Moreover, Sects. 10.4, 10.5 and 10.6 are based
on the Ph.D. thesis by Elena Ushakova [33] (see also [29]). Also the Ph.D. theses
by S. Barza [1] and M. Johansson [12] have influenced our results and ideas in
this paper. In particular, [1] together with the paper [28] were important. Finally,
for another type of multidimensional Hardy type inequalities we refer to the review
article [5] and for some recent results concerning Hardy type inequalities involving
both general measures and scales of conditions we refer to [23] and [24] and the
references given in these papers. For some further results we also refer to the new
book [15].

In the Ph.D. thesis [12] by M. Johansson and the paper [13] the following
result was presented, which actually unifies the result of E. Sawyer [30] ( the one
dimensional case) and G. Sinnamon [32]:

Theorem 4. Letl < p < g < ocoandletu(x),v(x)and ¢ (x) be weight functions
on (0, 00), where ¢ (x) is decreasing. Then the inequality
: : .

u(x)dx| <cC /f” (x)v(x)dx (10.62)
0

[e]

/ /xf(t)qo(t)v(r)dr
0

0

holds for all C < oo and decreasing f if and only if one of the following conditions
holds for some s > 0:

Q=

o (s (-9
Dy (s) := sup /u(x) /v(y) (pp/ (y)dy dx | X (10.63)

t>0
t 0

t N

/v(x) go‘”/ (x)dx | < oo.

0
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t N I
Dy (s) := sup fv(x) @ (x) /u(y) dy dx X (10.64)
>0
0 X
/u(x) dx | < oo.
. s () \!
E, (s) := sup /u(x) /v(y) (pp/ (y)dy dx | x (10.65)
t>0 5 5
/v(x) (pp, (x)dx < 00.
0
o0 0o P/(%'H) PI/
E, (s) := sup /v(x) o (x) fu(y) dy dx X (10.66)
>0
fu(x) dx < o0.

t

Remark 5. By applying Theorem 4 with ¢ = 1 we obtain the before mentioned
result by G. Sinnamon. Moreover, by applying Theorem 4 with ¢ () = % and
u (x) replaced by u (x) x~7 we obtain an alternative to the Sawyer result for the

case when v (¢) is increasing.

Remark 6. According to E. Sawyer [30, Theorem 1] two conditions are necessary to
characterize the one dimensional Hardy inequality (10.62) for decreasing functions
in the general case but, in view of Theorem 4, for the special case when v (x) is
increasing only one condition is required (but there are infinite many such equivalent
conditions). Moreover, in this case each of the conditions above are also equivalent.

Finally, we raise the following open questions connected to this paper:

Open Question 1: Is it possible to prove a natural extension of Theorem 4 to two
and more dimensions?

Open Question 2: Characterize the two variables weights v and w ensuring that
(10.1) holds for any of the following three remaining cases:

(@l <gqg<p<oo;

b)1=p=gqg<oo;

©0<g=<1<p<oo.
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Remark 7. The special case with product weights are of interest also in these cases.

Remark 8. The corresponding questions as those above and in Theorem 1 are of
interest and still open also for any dimension N = 3,4, ....

Remark 9. For the one-dimensional case Hardy’s inequality for 1 < p < g < o0
can be characterized by many different conditions (see e.g. Theorem 2), even
some scales of conditions conditions (see [8]). Moreover, as seen in this paper
for the case when ONE of the weights in (10.1) is of product type then (10.1)
can be characterized by just one condition but this condition is not unique.. These
considerations lead to the following:

Open Question 3: For the case | < p < g < oo and when ONE of the weights
vand w in (10.1) is of product type: Does there exist some scales of conditions (of
the type as those in [2] for the one dimensional case) which, in particular, implies
all corresponding two-dimensional results in this paper.

Remark 10. This question is of interest also for the cases (a)—(c) considered in Open
Question 2 (concerning case (a) in the one dimensional case see [7]).

Remark 11. Some new Hardy type inequalities derived by mainly using convexity
arguments can be found in the papers [4,6, 11, 14,20,21] and [22].
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Chapter 11
A Lizorkin Theorem on Fourier Series
Multipliers for Strong Regular Systems

Lars-Erik Persson, Lyazzat Sarybekova, and Nazerke Tleukhanova

Abstract A new Fourier series multiplier theorem of Lizorkin type is proved for
the case 1 < p < g < oo. The result is given for a general strong regular system
and, in particular, for the trigonometric system it implies an analogy of the original
Lizorkin theorem.

11.1 Introduction

Let 1 < p < g < oo. We say that a sequence of complex numbers A = {Ax}rez
is a multiplier of a trigonometrical Fourier series from L ,[0, 1] to L,[0, 1], if, for
every function f € L,[0, 1], with Fourier series Y f (k)e?***, there exists a

kezZ
function f) € L,4[0, 1], having a Fourier series which coincides with the series

kz Ak f(k)ez”ik"‘, such that the operator 7y, T f = fi, is bounded from L [0, 1]
ez

to L,[0, 1].
The set mg, of all such multipliers is a normed space with the norm
(R
A1l := sup <
r#0 ISl

In the case p = ¢, we put mﬁ,f = m,. In the present paper, the letters ¢ (cy, ¢z, etc.),
denote positive constants that depend on the indicated parameters.
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A main result in the theory of Fourier series is the following one by
Marcinkiewicz [3]:

Theorem 1. Let 1 < p < oo, and let A = {A,;,}mez be a sequence of real numbers
satisfying the following condition:

2m+l
Fob) = sup [ > [Ae = M| + 1Ak = Aga] | + sup [A] < oo
meN fe=om meZ

Then A is a Fourier multiplier in L ,[0,2x) and

[Allm, < cFo(A).

The problem of finding sufficient conditions for A to belong to m,, such that
they essentially depend on p, was solved by Nursultanov [6]. In his paper examples,
which illustrate the importance of these conditions, are derived and discussed.

Note that an analogous (Marcinkiewicz) theorem for Fourier transform multipli-
ers was given by Mihlin [4].

Moreover, Lizorkin [5] strengthened and generalized this Mihlin result for the
case | < p < g < oc:

Theorem 2. Let 1 < p < g < 0o, A > 0, and assume that the function ¢ €
ACle R\ {0Y) satisfies the following conditions:

1_1
sup |y|? 4 |p(y)| < A,
YER\{0}
sup |y|"t7 7
yER\{0}

w/(y)‘ < A.

Then ¢ € m% and ||q0||mt§ < cA, where ¢ depends only on p and q.

An exact analogue of Theorem 2 holds also for the Fourier series case which
e.g. can be seen as a special case of the result in this paper (see Corollary 4). In
fact, in this paper we will in particular prove a generalization of this theorem to the
case with Fourier series multipliers for strong regular systems. This system is rather
general e.g. all trigonometrical type systems, the Walsh systems and multiplicative
systems are regular.

The paper is organized as follows: In Sect. 11.2 we present and discuss our main
results. The detailed proofs can be found in Sect. 11.3.

11.2 Main Results

We say that an orthonormal system @ = {@y }xen of functions defined on [0,1] is a
strong regular system, if there exists a constant B > 0 such that for every segment
w from N (finite set of consecutive integers) and ¢ € (0, 1], it yields that
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(Z wk(-)w(y)) (t) < Bmin(jwl. 1/1).y € [0.1], (1L.1)

kew

where (Zkew o (e ( y))* (¢) is the non-increasing rearrangement of the function
Dy(x,y) =Y e @k (X)@r(y) by variable x with fixed second variable y € (0, 1],
and |w| is the number of elements in w. Since D, (X,y) = Y e, @k (X)@r () is
symmetric, we have

<Z (pk(x)(pk()) (t) <B min(|w|, 1/[),X € [O’ 1]

kew

Letl < p < g < ooand @ = {g};2, be a strong regular system, f €

L ,[0, 1] with Fourier series Y f(k)gok (x), and let A = {A; }ren be the sequence
keN
of complex numbers.

Let us define the sequence of partial sums S, = S, (f, A, x) by
Su(fih.x) =Y M f(k)gi(x). n€N.
k=1

We say that A = {44 }xen is a Fourier series multiplier for the strong regular system
@ from L ,[0, 1] to L,[0, 1], if

, 1S, (£ 20z,
[All,0 := sup sup —————=
P neN f#£0 /12,

In the sequel we always consider this case of general strong regular systems. Our
main result reads:

Theorem 3. Letl < p<qg <00,0 < < l—l—i—l,andﬂ:a—i-%—é.Let
the sequence of complex numbers A = {Ai }cn Satisfy the following conditions:

1_1
supk? 1 |Ag| < A,
keN

sup k'™ (mP Ay — Am41))” (k) < A. (11.2)
keN

Then A € mff, for each regular system, and
Al < c.

where ¢ > 0 depends only on p, q and a.
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The following corollary is a genuine generalization of (the Lizorkin) Theorem 2:

Corollary 4. Let 1 < p < g < 0o, A > 0. If a sequence of complex numbers
A = {Ak ey Satisfies to the following conditions:

1_1
supk? a |Ag| < A,
keN

sup k'3 A — Agst] < 4, (11.3)
keN

then A € m‘,’, for each regular system, and
Al < c.

where ¢ > 0 depends on p,q and «.

Remark 5. There exists a sequence A satisfying the assumptions of Theorem 3, but
not satisfying the assumptions in Corollary 4, i.e. there exists a sequence A such that

11
supk? e |Ag| < o0,
keN

sup k' (mP (A — Ams1)” (k) < 00,
keN

but
1+1-1
supk " P4 |Ak — Ak41| = o0.
keN

The proof of this statement can be found at the end of this paper.
For the proof of Theorem 3 we need the following embedding theorem of
independent interest:

Theorem 6. Letl<p<q§oo,0<r§oo,and0§a<1—%+$.Then

L. = n*P7(L,),
where 8 =a+%—$.
Here n®#" (L) is a version of the net spaces, which was introduced and studied
in [1], [7] and [8], defined as follows:

Let {¢px (x)} be a strong regular system. For a function ' € L{[0, 1] with Fourier
series Y o @k @k (x) and for any finite set Q C N let us define the sum

So(fix) =) argi(x),

keQ

which is called the Fourier sum of the function f equipped with the set Q.
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Let0 <o < 00,0 <f <o0and0 < ¢,r < oco. In what follows Gj denotes
the set of all segments Q from N for which the number of elements is greater than
k € N. We say that a function f belongs to n®#"(L,), if f € L and

o) 1 r 1 v
pwBr (L) = k% sup —||S -] <
L ey (Z( S o 1So(Hllz, | +

k=1

for0 < r < oo, and
T Supk® sup ——[1So(f)llz, < 0o
n®Br(Ly) = u up —— 0 L
e ?

forr = oo.
Moreover, for the proof of Theorem 6 we need some embedding and interpolation
results, also of independent interest. The first one reads:

Proposition7. Let0 <a <1, 0< B <1land0 < g < oo.
(a)If0 <r <r; <o, then

nPr(Ly) < n®Pr(L,).
(b)If0 <o <min{l —a,1 — B}, 0 <1 < 00, then
n*Pr(Ly) < n*toPtor(Ly). (11.4)
Let (Ag, A1) be a compatible pair of Banach spaces (see e.g. [2]), and let

K(Tva;A()vAl) = azygﬁ_al(”ao”/% + T”al ”/41)’ ae AO + Alv T> 0»

be the Peetre K-functional.
Moreover, for0 < g < 00,0 < 6 < 1, let

(Ao, A1)og := Ja € Ao+ A1 : [lall(ag.41),

o0
d
= /(r_eK(r,a;Ao,Al))q—T <0y,
T
0

and for g = oo

(A(),Al)gqoo = %(1 €A0+A1 : ||a||(A0,Al)9‘oo = sup T_eK(‘L',a;A(),Al) <0oO;.

0<r<00
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The second auxiliary result reads:

Proposition 8. Letr0<a; <1,0< B <1and0 <r,q <oo. Then
(nal’ﬂ’oo (Lq)»”o’ﬂ’oo (Lq))e,r — pobr (Lq)v

where 0 < 0 < 1,0 = (1 —0)ay.
The third auxiliary result reads:

Proposition 9. Let Q from N. If 1 < p < g < o0, then there exists ¢ > 0, which
depends only on p and q, such that

[So(H],, = elQl T1f I, (11.5)

forevery f € L,.

11.3 Proofs

We present the proofs in the order the results are used in later proofs.

Proof. (Proposition 7.) Let us first prove that n®#" (Ly) = n“*ﬂ*"o(Lq).
Indeed,

1
1/ lepooqr,y = supk® sup —|So(f)llz, <
ko 0eGe |Q]

< c(a, r)sup (Zz‘” ‘) sup Qlﬂ I1So(Nlz, =

pr 0eGy |

(e’ rl %
<c(a,r) i%s 1So (NI q) T)
(;( |Q|*‘*‘ o)

= c(@, ") f lwasrr,)-

Then, by using this fact and the multiplicative inequality for the spaces L,,, we have
that

I et 2y < IIfIInO,ﬁ,(L )Ilfllnaﬂw@ ) < el )L f lneprir,y-
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Moreover,

1

00 r 1 v
”f”naJra.ﬂJra.r(Lq) = (Z <ka+u sup |Q|ﬂ+U ” Q(f)“Lq) 7 =<

k=1

< (Z (k“ sup WIISQ(J”)HLL) ;) = 1S lnetr iy

The proof is complete. O

Proof. (Proposition 8.) Let f = fo + fi, where fo € n®#®(L,) and f; €
nei-B.00 (Lg), be an arbitrary representation of f. Then

328, rgp 1o M= (1)(5 P [opISo UL+ s |5||SQ(f0)||L‘),

G |Q

1
where x4 = x,if x > 0and x4 = 0, if x < 0. If we denote v(t) = 71, T > 0,
then

sup k™ sup QIﬁ S0 (e,

1<k <v(t) Gr |

I I
=c| sup k% sup I1So(fDll,+ sup k%' sup ——So(fo)lL
(1<k<vm o<a: |0 "askso oe6 Q) !

sup k! Sup I1So(fDllz, + 7 sup sup ISo(f0)llz, |-
<k>1 IQIﬂ e kIQIﬂ e
Taking into account that the representation f = fy + f] is arbitrary, we have that

1
sup  k*' sup —7 So (e, = a1 K(, fineFoo phooy
I<k<v(x)  0€Gi Q]

Thus, for 0 < r < oo, we obtain that

(/Ooo(_"K(rfn‘)‘”g‘>o 0’3‘>°))rdr) >

T

1

- /Oo ¢ 1 sp 5001, ) L)
>c 77 sup sup 0 Ll =] =
0 k<v(r) 0€G |Q|’s ! T
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1
o 1 dul’
— —0ay o]
=cla u " supk® sup S0 (Nl >
( A ( k<u  0<G |0)P © ] u

1

,
1 . 1 '
> cal (Z <2—91a1 sup k' sup _ﬂ”SQ(f)”Lq) ) =

= k<2 0eG |0

oo ™ ¥
; 1
>c E 2= qup ——|1So (f) ~
( ( QEGP;- |ﬂ ” 9] f ”Lq

i=1 |0
~ C”f”n“ﬁ«"(Lq)?
ie.
(nal,ﬂ,oo (Lq)7 n0F-e0 (Lq))f?.r — n®hr (Lq)’
where o = (1 — 0)«;. The proof is complete. O

Proof. (Proposition 9.) Let us consider the following well-known integral represen-
tation of the partial sum of the Fourier series in a strong regular system:

1
So(n) = [ 10Dor.0d,

where Do (x,t) = ZkeQ or (X))@ (t). According to (11.1) and the proof of the
Young inequality we obtain that
. 1
min | O, n

ISol,, < BIAIL,

)

Ly

where the parameters 1 < p, g, r < oo satisfy the equality 1 + é = % + 'l
Since
1
1 1 r ¥
(/ (min (|Q| , —)) dt) =
0 t
1
l/‘Q' 1 1 r r 11
([ wera [ (7) at) =cwaion.
0 1lol \ !
we have .
ISoll,, < Betp.) 1Q1777 1., -
This completes the proof. O

Proof. (Theorem 6.) Let | < r < g < oo. By Proposition 9 there exists ¢ > 0,
depending on r and ¢, such that
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[So(N,, = et IO 71, (11.6)

forevery f € L,.

Let0 <a <1-— %. Then % — é <B<1- é and there exists po, such that
1 <py<pand B = % - cl/ According to (11.6), applied with r = p,, we have
that

1
Sllwopoor,) =sup sup ——= ||So(f)|, =c(po.q) | f] (1L.7)
1 lvooeiryy = sup sup ~ o [So (D], L
forevery f € L.
Further, let p < p; < gand o) = ﬁ — ;- By using (11.6) with r = p; we
obtain that
sup sup ————— “SQ(f)“L scpeflz,, -
£ 0cGi Q|7
forevery f € L,,.
Since
1 |Q| ‘
sup sup ——— [[So(f)[,, = sup sup 7 1So(H,
k 0€Gy |Q|7 4 a k 0€G !
1
Z supk® sup — [[So ()], = 1S e poo(z,) -
k oeG |0 5oL, e
it yields that
1 lerpiooqryy < c(prs@) 111, (11.8)

forevery f € L. The inequalities (11.7) and (11.8) mean that
L,y = n*#>(L,)

and
L, < n*"Fo(L,).

Hence,
Lpy + Ly = n"P2(Ly) +n® P22 (L,).

In what follows by I we mean the corresponding embedding operator. According to
(11.7) and (11.8) we have that

I: Ly —n"Po(L,),

and
I:L, —n“P®(L,).

Moreover, in both cases the operator / is bounded.
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Let 6 € (0, 1) be such that + = 1=¢ + £ Since
2 2 o

by the interpolation properties of the spaces L, (see e.g. [2]), we have that
I:Lyp:=(Lp.Lp)y, — (n*F®(Ly).n""=(Ly)),. .
where the operator / is bounded. Thus,
Ly = (n*P°(Lg).n"P®(Ly)),. .

and the statement of the theorem follows by using Proposition 8.
When 1 — % <a<1-— % + é, the statement of the theorem follows from

Proposition 7. Indeed, let 0 < & < 1 — % Then, by using what is proved above and
by (11.4), we have that

Ly <> nP* 5707 (L) < n®PT(L,).

The proof is complete. O

Proof. (Theorem 3.) Let n € N. By using an Abel transformation and the
Minkowski inequality we find that

> M fipr(x)

k=1

1S4, =

Lq

Z(Ak — Xict1) Z Fontom () = X Z feor(x)

k=1 m=1

Lq

< S 1 = hest ISeCN N, + Rl 12Nz, = 11 + L.
k=1

Moreover, according to (11.5) and taking into account that L, ; < L,, we obtain
that

L= 071l IS4l < A @) /11, < Ac(p.@) | /11,

npq
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Furthermore,

n 1
I= Yk = el 5 18, =
k=1

<Zkﬂ|kk_lk+l|( k|Q1|ﬂ ||SQ(f>HL,,).

k=1

Since supyeg, o7 || So(f) ||L is a non-increasing sequence, then, by using the

well-known inequality Y o, FxGx < > oo, F*G}, we have that

* 1
(m? Qom — Ams1))” (k) (nggk @ [So (/) ”Lq) -

M8

I <

k=1
o0

= DK Qo = Re))” (O™ sup |—|| S0, 3 =
k=1

-« B _ a
< Sup k! (1 (o = A1) (k)Zk |,3 | Q(f)”qu
< Al f e, -

Hence, by Theorem 6 there exists ¢ = ¢(p, g, «) > 0 such that

n<Aclfly,, .
Consequently, there exists ¢; > 0, depending only on p, ¢ and «, such that
1S: (I, < At f ., -

Let the couples of numbers (pg, go) and (p1, q;) be such that 1 < py < p<p;<oo

1 <gp<g<q <ooand
1 1 I 1
) (11.9)
Similarly, it follows that for some ¢, > 0, depending only on p, ¢ and « such that

1S4(flz,, < 2ANS L,

Let 6 € (0, 1) be such that % = 1;—09 + %. Then by (11.9) we obtain also that

and
1. (flle, < AlflL,,,-
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- +
q P Po 4o Po P1 Po q0
1 1 1 1 1 1 1—-6 0
=egn_g+_:egu_)+_: 2
Pt Do 40 q1 4o qo q0 q1

By the Marcinkiewicz interpolation theorem (see e.g. [2]) we have that for every
O0<r <o

1S. (/D2 =3 Allf L,

where c3 > 0 depends on p,q,« and r.
If, specifically, r = p, then for some c4 > 0, which depends on p, g and «, it

follows that
1S, (), < esdllfll, -

since Ly , — L, for p <gq.
Consequently,

1S (- Mz, _

< c3A.
neN r20 - IfL,

The proof is complete. O
Finally we include also a

Proof. (Statement in Remark 5.) Let

m e N,

m =

i §2—"ﬂn—<1—“>, ifm =2,

in other cases,

)

o0
A= dn.
m=k

We remind that 8 —a = % — é

Let us prove the first condition. Let k € [2"~!,2"], then

1_1 11 e n(i_L)
kv 4 || = kv a dn| < c2°\7 4)don
m=k
_ oonbarynp () _ oL
2no¢n17a
We note that
—(1—a) — on
kﬂ|kk—kk+1|=kﬂdk={n o k=2 N

0, in other cases,
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Hence .
supi '™ - (kP (A — Akg1))” (i) = supi' i1 =1,

i>1 i=1

i.e. the second condition holds.

On the other hand,
1_1 1_1 1_1
sup mtra. [Am — Am+1| = sup m' e d, < sup Zn(l+P ‘7)2_"’311_('_“)
meN meN neN
n\ l—a
= sup 2" I HA=p=nBy == — gyp (—) = +o00.
neN neN \ 1

This completes the proof. O
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Chapter 12
Note on the Structure of the Spaces of Matrix
Monotone Functions

Hiroyuki Osaka and Jun Tomiyama

Abstract Letn € N and M, be the algebra of n x n matrices. We call a function f
matrix monotone of order n or n-monotone in short whenever the inequality f(a) <
f(b) holds for every pair of selfadjoint matrices a, b € M, such that a < b and all
eigenvalues of @ and b are contained in /. The spaces for n-monotone functions is
written as P, ().

For each n € N and a finite interval / we define the class C, () by the set of all
positive real-valued continuous functions f over I such that f(7°) C (0, c0) and
for any subset S C 1° there exists a positive Pick function / on (0, co) interpolating
f on S. Then we characterize C, ([0, 1)) by an operator inequality. Moreover we
show that for each n C5,([0, 00)) € P, ([0, 00)).

12.1 Introduction

Let I be nontrivial interval of the real line R (open, closed, half-open etc.). A real
valued continuous function f on I is said to be operator monotone if for every
selfadjoint operators a, b on a Hilbert space H (dim H = +o00) such thata < b
and o(a),o(b) C I we have f(a) < f(b).

Let n € N and M, be the algebra of n x n matrices. We call a function
f matrix monotone of order n or n-monotone in short whenever the inequality
f(a) < f(b) holds for every pair of selfadjoint matrices a,b € M, such that
a < b and all eigenvalues of @ and b are contained in /. We denote the spaces of
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operator monotone functions by P (/) and the spaces for n-monotone functions is
written as P, (/). We also denote that P,* (1) = {f € P,(I): f(1°) C (0,00)},
where /° means the set of inner points in /. We note that P,4+;(/) € P,(/) and
N, P,(I) = Poo(1).

The first question is whether P, 4 (/) is strictly contained in P, (/) for every n.
Although most of literatures assert the existence of such gaps, no explicit example
was given in case n > 3 in spite of the longtime since the paper [10] of Loewner in
1934. In [7] Hansen, Ji and Tomiyama presented an explicit example with the gap
between P,+1(/) and P, (/) for every n and an interval /. More general discussions
are treated in [12] by Osaka, Silvestrov, and Tomiyama about gaps of {P,(/)},en
and we have now abundant examples of polynomials in P,(/)\ P,+1(/) using the
truncated moment problems for Hankel matrices in [3] of Curto and Fialkow,

On the contrary, in [1] Ameur, Kaijser and Silvestrov studied subclass C, (0, co)
of interpolation functions of order n of P (0,00) and showed by a theorem of
Doughue [4] that C,, (0, co) coincides with the class of functions such that for each
n-subset S = {A;}7_, there exists a positive Pick function  on (0, co) interpolating
f on S, that is, h(X;) = f(A;) for each 1 < i < n. They also showed that
P2+(O, 00) € C3(0,00) and C4(0,00) < P2+(0,oo). We recall that a complex
analytic function / defined on {z € C:3J(z) > 0} is called a Pick function if their
range is in the closed upper half plane {z € C: J(z) > 0}.

In this note we characterize n-monotone functions from the point of Jensen’s
type inequality for operators. For each n € N and a finite interval / we define the
class C, (1) by the set of all positive real-valued continuous functions f over I such
that f(1°) C (0, 00) and for any subset S C I° there exists a positive Pick function
h on (0, co) interpolating f on S. Then we characterize C, ([0, 1)) by an operator
inequality. Moreover we show that for each n C5,([0,00)) € P,"([0, 00)). This is
an answer to a question in [1].

The authors would like to thank Dr. Yacin Ameur for a fruitful discussion about
interpolation class C, (0, c0) and Professor Sergei Silvestrov for hearty hospitality
when they stayed at Lund Univ. in May, 2006 and later visits to Lund.

12.2 The Class C,

Definition 1. Let / be a finite interval (open, closed, or open-closed). Forn € N we
denote C, (1) be the set of all positive real-valued continuous interpolation functions
S over I such that for any {A;}/_, C I° there is a Pick function /: (0, 1) — R such
that f(A;) = h(A;) for 1 <i < n, where I° denotes the set of inner points in /.

For two finite intervals of the same type such as an open, half-open like [, 8) and
[y, 8) one can easily find an monotone increasing linear function 4: [y, §) — [y, §)
with the inverse function 27! [y,§) — [«, B) having the same property. As both
functions & and h~' are operator monotone and operator convex functions the set
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C, ([, B)) and C, ([y, d)) is easily transferred each other. So we consider the case
that 7 = [0, 1).
The following is the characterization of a class C, ([0, 1))

Theorem 2. Let f:[0,1] — R be a continuous function. The followings are
equivalent.

(1) f € Cy([0,1)).
(2) Forany{A;}i_, C (0,1)if

‘ 1+ 1)
Zai¢ z O
= 1+(0- A,
forany {a;}?_, C Rwe have
n
Zaif(li) > 0.
i=1
(3) Forany A,T € M,(C) with T*T < 1ando(A) C (0,1)
T*AT < A = T* f(A)T < f(A).

Proof. (1) — (3):
Take T, A € M,(C) satisfying T*T < 1 and o(A4) C (0,1). Set ¢:(0,1) —
(0,00) by ¢(t) = 1sz Then ¢ is operator monotone. Hence T*¢(A)T < ¢(A)

by [5].
Since f 0 ¢~':(0,00) — R € C,((0, 00)), by [1, Corollary 2.4] we have

T*((f ¢ H@ANT = (f 0™ ($(A)),
and T* f(A)T < f(A).
(3) = (1):
Take A, T € M,(C) with T*T < 1 and o(4) C (0, 00). Since ¢~ (0, 00) is
operator monotone and o (A) C (0, 00), from [5] we have

T*¢~" (AT < ¢7'(A).
Note that 6(¢~'(A)) C (0, 1). Then from the assumption for f we have
T* f(¢~ (ANT < f(p~")(A4)
T*(f o™ NAT < (f 0™ ")(A).

Hence fo¢™' € C,((0, o0)) from the definition, and we know f € C,([0, 1)) from
[1, Corollary 2.4] and the definition.
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1) — )
Let / be a Pick funtion on (0, 1). Then ho¢ ™! is one on (0, 0o). Then since there
is a positive Radon measure on [0, co] such that

_ 1+ 1))
1,\:/ —( dp, A >0,
0¢p~ (1) A p

we have

- (1+ 1)

For {A;}/_, C (0, 1) suppose that

n

(I +0)A;
s L
;a T+ G-k

for any {a;}7_, C R. Since there is a Pick function on (0, 1) such that f(A;) =
h(A;)forl <i <n,

- i 1+ A
a; f(Ai) = / aj————d
; T ; 0o T+~ DA

. ' (I+1)A;
- [[o,oo];a’ T+ a-nn =0
(2) — (1):

Take {A;}7_, in (0, 1) and fix them. Set A = Cg|[0, oc] and

n

1+ DA )
— 0.0 = R g() = Y a2y il R

i=1

Here 4 is a Banach space with respect to a norm ||k|| = sup, ¢y o] |€(1)]-
Then G is a linear subspace of A. Let £: G — R be a linear functional defined by

1+ A _" o
e(Z T m) > ai f(h).

i=l1 i=l1

Then £ is positive from the assumption. Note that for any A € (0, 1) we have

(I+1)A
min —————
refo,o0] 1+ (¢ —1)A
Take ¢ > 0 such that c =194 > 1 and 7 > 0, and set go(t) =c¢ UHDh
1+(@—1)A; 14+@—1)A;

Define m: G — R by m(g) = sup{g(t) | t € [0, o<]}.
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‘We will show that
€(g) = lIg + hllugy, Y € Cr[0, 0]+,

where ||k||¢e) = |1k[[€(g0) and Cr[0, co]+ denotes a set of all positive functions
in CRrJ0, oo].
Forany g € G m(g) <0orm(g) > 0.1fm(g) <0, g(t) < Oforany? € [0, co],
and
£(g) <0 =< Ilg + hllego). YV € Cr[0, 00]+.

If m(g) > 0, we have

g(r) =m(g) =m(g1
= m(g)go
t(g) = m(g + h)t(go)
=< llg + hll€(go) = llg + hllecsr). VI € Cr[0, 00]+.
By Sparr’s theorem [13, Lemma 2] there is a positive linear functional L: Cr
[0, o0] — R such that
L(k) >0, Vk € Cg[0, c0]+
L(h) = |[Allecgo)» Y € CRIO, 00].

From the Riesz representation theorem there is a positive Radon measure p on [0, co]
such that

L(k) =[[0 ]k(t)dp(t), k € Cg[0, 00].

Set gi () = 1-(1:(—:_1)1);31- for 1 <i < n.Then we have

fQ) =L(g)
= L(g)

_ (14 0k
= /[o,oo] T+ - P0

= h(A;)

for 1 <i < n and a Pick function

B (1+1)A
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The following a partial answer to [1, conjecture].
Proposition 3. For each n € N Cy,([0,00)) & P, ([0, 00)).

Proof. Take n € N and consider a gap function g, € P," ([0, a,]) for some o, > 0 :

x2n—1

gn(x) =x + %x3 ot 2n1_1

Suppose that g, € C5, ([0, ®,]). Take a set S C (0, ;) of 2n numbers and take
asubset S C S with |[S’| = 2n — 1. Since g, € C,,, there is a Pick function of ¢
which are equal at points of S. Then ¢ and g,, are equal at points of S’.

Then in [4, XIV Theorem 3] since g, does not satisfy condition (i), (ii) (See
[7].), ¢ and g, are equal only at points of S’. But this is a contradiction to the fact
that ¢ and g, are equal at S 2 S’.

Hence g, ¢ C2,([0,®,]). Using an operator monotone function h(t) =
L:[0,a,) — [0, 00). We know that g, o h~! € P ([0,00)), but g, o h™! ¢

oy —t

C2,(0, 00)). O
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Chapter 13
Interpolation of Normed Abelian Groups
and Non-Commutative Integration

Sergei Silvestrov

Abstract This is a concise review concerned first of all with the two pioneering far
reaching and in many ways yet to be fully explored important papers by Gunnar
Sparr and Jaak Peetre on interpolation of normed abelian groups and on non-
commutative integration. These papers introduced a general framework unifying
many previously known interpolation results and methods in the ways applicable
for non-commutative integration and non-commutative extensions of the function
spaces, the directions of importance for example in non-commutative geometry and
applications in quantum physics. Whence some notions and methods from these
papers have been applied in various contexts, many other methods and ideas are yet
to be discovered and developed further. In addition to the concise review of these
important works by Jaak Peetre and Gunnar Sparr, a brief review is presented also of
some related works on non-commutative spaces and non-commutative integration in
the contexts of the theory of operator algebras and non-commutative geometry.

13.1 Introduction

Interpolation theory has strong tradition in Lund University with many pivotal
contributions to the subject and its applications by several generations of mathe-
maticians since 1960th which have profoundly influenced the development of the
area both nationally and internationally and made it one of the pearls of modern
functional analysis (see [5—7,41,42,48] and references their).
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The development of a broad interplay of interpolation theory with the theory
of operator algebras with emphasize on the non-commutative integration, non-
commutative function spaces and their applications in non-commutative geometry is
an excellent strategic long term project with many open research directions extend-
ing the state of the art in these areas of mathematics and in related developments
in quantum physics, scientific computing and engineering. This line of research
fits timewise with maturity of the subjects and aims at significantly strengthening
conceptual and analytic base for unified treatment of broader classes of quantum and
engineering systems, improvement and unification of approximation methods such
as splines and rational approximation and new classes of inequalities on the levels
of functions, matrices and the more general level of non-commutative operator
algebras and operator spaces.

Among the potential applications of this research are the better error correction
and computation algorithms and entropy estimates in quantum information process-
ing and quantum computing based on norm inequalities for matrix and operator
factorizations, in-depth unified analysis of symmetries in dynamical spin and lattice
models and further development of fundamentals of quantum field theory based
on non-commutative operator algebras and operator theory, perturbation analysis
and dynamics, and more efficient approximation and transformation technics in
geometric and operator modeling of linear and nonlinear input-output complex
control systems with further links and perspectives for applications in for example
signal and image processing, numerical analysis and optimization.

The fundamentally important part of this research is the development of the
unified interpolation methods applicable to general non-commutative quasinormed,
topologial and algebraic spaces by extending interpolation theory of quasinormed
abelian groups developed in [41,42] where such unified framework and methods
were built using I. E. Segal gage spaces consisting of von Neumann algebras
equipped with gage functionals such as traces, or general weights, states and
dimension-like functionals. These functionals on non-commutative von Neumann
algebras serve as replacement in non-commutative context of measures and inte-
gration for commutative spaces and functions. The methods involved are based to
a large extent on the order structure and projections in von-Neumann algebras. As
in case of commutative spaces, the main problems involve constructions of non-
commutative generalizations of important function spaces, such as L,, Lorentz
L,,, Besov, Sobolev, Orlich, bounded variations and measure spaces, and on
continuous side spaces of continuous, smooth and holomorphic functions with
various important extra properties related to convexity or monotonicity. In order
to be able to apply these non-commutative spaces to models of quantum physics it
is desirable to define them in such way that allows to extend to non-commutative
context main duality tools such as Fourier, Weyl and related transforms so that the
main properties and methodological essence of these transforms is extended too.

For integration of functions on commutative measure spaces the most funda-
mental parametric family of function spaces extending the L, Hilbert space are L,
spaces, that is the spaces of power integrable functions. The L , spaces are important
for applications of Fourier and related integral transforms, since such transforms



13 Interpolation of Normed Abelian Groups and Non-Commutative Integration 327

move functions between such spaces (or their subspaces and dual spaces). Estab-
lishing when this happens in a continuous way with explicit inequalities estimations
for the norms is of central importance for efficient convergence and stability of
numerical iteration algorithms involving these transforms and for harmonic and
smoothness analysis of solutions and discretization methods for differential and
integral equations of mathematical physics. The most general and efficient methods
for establishing and proving such mapping and continuity results between families
of spaces and corresponding norm estimates are based on the ideas and methods of
interpolation theory combined with convexity and monotonicity results for functions
or functionals on such function spaces and their duals.

In [41], it was shown that approximation and interpolation spaces are very well
suited for describing construction of L, and Lorentz spaces, L , spaces with weights
and Besov spaces, and have interesting applications to approximation with rational
functions and with spline functions. For example, it was observed in [41] that
using the approximation space (quasinormed abelian group) between the spaces
(quasinormed abelian groups) Lo and L of measurable functions on a domain
of R? with L p quasi-norms in the limits p — 0 and p — oo, one gets the
Lorentz space (see e.g. [7] for definition) (Lo, Loo) LgE = L, . Therefore, for

p > 0,qg > 0, the Lorentz spaces L,, can be also obtained by K method of
interpolation for interpolation couple {L¢, Lo} ([5, theorems 7.2.2,7.3.3] and [41,
Theorems 6.1, 6.2]).

Similarly, using the general framework of E-functionals and approximation
spaces, the approximation and interpolation constructions have been obtained in
[41] for weighted L, spaces, Besov spaces and it was indicated how the methods
can be applied to Sobolev spaces, and other related spaces. Moreover, in [41], it
was shown that approximation and interpolation of quasinormed abelian groups
using £ method can be used as a framework for approximation of functions. In
[41], the application of E method approximation (and interpolation) spaces have
been especially detailed for pairs (Ag, C) where Ay is a quasinormed abelian group
of functions and C is the space of continuous functions on a compact interval
D = [a,b] C R. The applications to the cases when A, are rational functions
and A, are spline functions, having important applications in numerical analysis
and engineering, in [41] were emphasized in connection to the approximation and
interpolation between spaces of functions of bounded variation, Sobolev spaces,
Lipschitz functions and continuous functions.

Furthermore, in [41, Sect.7] it was demonstrated that the framework of E-
functional approximation spaces incorporates also spaces of linear and non-linear
operators providing important insights in their structure and interplay. For example
for quasinormed abelian couple {S, S} Where &) = &(A, B) is the space of
all linear operators of finite rank between Banach spaces A and B with the norm
IT|ls, = rankT = dimpT(A), and S is the space of all bounded linear
operators from A to B with the usual operator norm ||7' ||, = supj, <1 I7all5,
the E-functional

E=E@.T:{S0.6}) = ”Sﬁnf IT = Sllew

&<t
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is intimately related to the approximation (singular, Schmidt) numbers s,, of operator
T (in the notation of Gohberg-Krein book [11] for Hilbert space case):

Sn+1(T) = E(t,T; {60, S}), for t = n integer .

One of the typical basic results often used in this context for instance asserts that
restriction of Fourier transform to functions from L(G) N L(G), 1 < p < 2
on a compact (or locally compact) commutative group G with Haar measure can
be continued to linear operator with norm < 1 mapping L ,(G) to L, (G) where
q = %1 In particular ¢ = 2 when p = 2 recovering classical Fourier transform
on the Hilbert space of square integrable functions L,. The proof of this and similar
more general duality statements is based on the beautiful idea of interpolation and
convexity arguments involving L,-norms as functions of L

J. Peetre and G. Sparr in their fundamental article [41] on interpolation of normed
abelian groups among other things raised a natural question of whether interpolation
of the usual L, spaces over a measure space and interpolation of the trace classes &,
of compact operators in a Hilbert space can be treated within the same framework.

In the followup article J. Peetre and G. Sparr [42] have answered this question in
affirmative by showing that both cases can be treated within the same framework if
one combines interpolation with the theory of non-commutative integration and the
corresponding theory of non-commutative L, spaces over a (regular) gage space
developed by I. Segal [47], R. A. Kunze [28] and W. Stinespring [50].

These general methods discovered in [41], [42] have appeared well ahead of
time and have strong potential for further expansion and applications. The general
interpolation and approximation approach developed by Sparr and Peetre in [41] and
[42] is very fruitful and can be applied in many at first seemingly unrelated contexts.
For example, it was shown in [42], that the interpolation theory of [41] can serve
as a unified framework for non-commutative L, spaces, various transforms as for
example the Fourier (-Segal) transform on unimodular groups improving results of
Kunze [28], the Weyl transform for finite and infinite number of dimensions using
formalism of (boson or fermion) Fock spaces of interest from the point of view of
quantum field theory, and the spinor transform generalizing results by Lavine [30]
and R. FE Streater [51] involved deeply with Lie algebras and Lie groups, Clifford
algebras, Gelfand-Naimark-Segal (GNS) construction and central states in operator
algebras (von Neumann algebras, C *-algebras). In [42], it was also remarked that
in all these cases the gage spaces involved are of the two simplest types and one
can thus use [41] directly, thus emphasizing that new important advances might
be achieved when the general approach of [42] is applied to other gage or gage-
like spaces combined with developing interpolation methods for other algebraic and
topological structures than normed linear spaces following in footsteps of [41].

The main ingredients of the general approach in [41] and [42], in addition to
the use of general gage spaces of Segal, include general K, J and E-functionals
and generalized quasi-norms on groups, decreasing rearrangements, interpolation
functors and retracts in categories, spectral decompositions and duality for spaces,
operators and functors.
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13.2 Interpolation of Normed and Quasinormed Abelian
Groups

Following [41], a (¢, p)-normed abelian group, where 1 < ¢ < 00,0 < p < o0, is
an abelian group A in which there is defined a (c, p)-norm, i.e. a function

A3ar|la]| = [lal|la € Ry = [0,00)

obeying the axioms:

L. |la]| =0 a=0
2. || —all =|lall| & a=0

3. |la + b|| < c(||a]|” + ||b||p)% ((c, p)-triangle inequality).

When ¢ = 1, one speaks of p-norms and p-normed abelian groups, and when
p = 1 one speaks of c-quasi norms and c-quasinormed abelian groups, or simply
quasinorms and quasinormed abelian groups when there is no need to accentuate the
value of ¢. A (€, P )-normed abelian couple, with © = {co.c1}, B = {po.p1},
is defined as a pair A = {4, A} where Ay is (co, po)-normed and A; is (cy, p1)-
normed abelian group and where both 4y and A; are subgroups of some abelian
group, satisfying the following axiom:

l|a, —a |4y = 0, |lan —ay, -0 = a® =40
If Ag is po-normed and A, is p;-normed (i.e. co = ¢; = 1) one speaks of a _,o)-
normed abelian couple, and if moreover py = p; = p of a p-normed abelian

couple. If Ay is cp-quasinormed and A; is c;-quasinormed (i.e. pg = p; = 1), then
one speaks of ¢ -quasinormed abelian couple or, less precisely, of a quasinormed
abelian couple.

In [41], Peetre and Sparr defined K-, J and E-functionals on every quasinormed
abelian couple A = {A, A1} (of quasi normed abelian groups) by

Ky(t,a:A) = in£_ (||ao||ﬁ0 +t'”||a1||fll)%, for0 <t <oo,a€ X¥(A),0<p=<o0
a=ap+a
Jp(t.a:A) = ([al}, +t"]lal’ )7.0 < t < oo, fora € A(A),0 < p < oo

E(t,a:A) = inf |a—ao|a4,, forO <t <oo,a € ¥(A)

laoll 4y <t

where A(A) = Ag N A; with the norm

lallam) = Joo(l,a ; A) = max(||al . llall4,)
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and X' (A) = Ao + A, is the hull of Ay and A; with the norm
lallzw = Ki(Las A) = _inf (lallag + i l).
If A is a p-normed abelian couple, then
Ky(t.a+b:A) < (Ky(t.a: A + (K,(t.b: A)P)»
and the same for J-functional by Jessen’s and p-triangle inequalities. This together
with separability axiom implies that K,(t,a ; A) is a p-norm in X(A) and
Jp(t,a; A)isap-normin A(A) provided p > p.
If A is a ¢ -quasinormed abelian couple (¢ = {co.c1}), then K,(t,a ; A) is
a c-quasi-norm in ¥'(A), and J(¢,a ; A) is a c-quasi-norm in A(A), with ¢ =
max(cy, ¢1). The c-quasi triangle inequality
Ki(t,a+b; A)=c(Ki(t,a: A)+ Ki(t.b; A))
(and similarly for J-functional) follows from more exact inequalities
C1 C1
Ki(t,a+b: A) <co(Ki(—t.a: A)+ Ki(—t.b: A))
€o €o

Joolt.a+b 1 A) < colloo(2t.a 3 A) + Joo(1.b : A))
Co Co

The E-functional, instead of norm properties, has following subadditivity proper-
ties. If Aisa ?—quasinormed abelian couple, 7 = {co, c1}, then

t
E(s+ta+b:A) < a(E(Ci,a LA+ E(—.b: A)).
0 0

and if A is a 3 -normed abelian couple, B = {po. p1}, then
E((s™ + ™) ,a+b; A) < (E(s.as A" + E(t.b: A7,
For py = oo this inequality and the fact that E is a decreasing function of ¢ yield
E(t,a+b:A) < (E(s,a; A" + E(t,b: AP

since E is a decreasing function of ¢, meaning that E(¢,a ; A) satisfies the p;-
triangle inequality in this case.

In the most of the works up to date, the broad use has been made of K and
J-functionals as a powerful tool for construction of interpolation functors and
interpolation spaces and for proving various old and new inequalities in a unified
way.
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In [41, 42] important methodological point was made that the E-functional
has fundamental significance and can be used as a general unifying tool for
interpolation, inequalities and approximation. For example, in quasinormed abelian
couples the K-functional can be always expressed through E-functional:

K(1) = inf(s” + t7(E(s))?)7 .

For p = oo, if E(t) is continuous then K (¢) is the inverse of the function ¢/ E (¢).
For p = 1, K, (t) = inf;(s + tE(s)) and it is possible at least partially to express £
via K:

E*(t) = sup(

N

Kl_(s)_i) <E@) < ;E*((x[), O<a<l)
s s 11—«

where E* is the greatest convex minorant of £, and E* = FE if E is convex. In [41],
further relations between K -functional and E-functional and related references are
described. Relations between E, K, and J-functionals and interpolation methods is
one of the important themes and tools in interpolation theory addressed for instance
in books by J. Bergh, J. Lofstrom [5] and Yu. A. Brudnyi, N. A. Krugljak [6]

The distance-like way E-functional is defined suggests its importance for investi-
gation of the relative geometry and topology of the involved spaces, mutual position
for these spaces and their intersections and subspaces within the interpolation pairs
and triples, and approximation and interpolation of functions. An interpolation
functor or interpolation method & from category of quasinormed abelian couples to
category of quasinormed abelian groups associates to each couple A = {4y, A} a
quasinormed abelian group &(A) called interpolation group (or interpolation space)
so that

AA) = AgN A € B(A) € Z(A) := 4, + A

where the inclusions are natural. For any two quasinormed abelian couples A and B
and quasinormed abelian groups A and B such that A € &(A) and &(B) C B, the
interpolation property holds:

T:-A—-B = T:A—B

where notation 7 : A — B means that T is a homomorphism of quasinormed
abelian couples and 7 : A — B means that 7' is a homomorphism of quasinormed
abelian groups [41]. By the direct extension of Aronszajn-Gagliardo theorem to this
general context, the converse statement also holds, that is in brief, the interpolation
property implies the existence of the interpolation group [2,41].

Let £(X,Y) denote the quasinormed abelian group of all bounded homomor-
phisms between quasinormed abelian groups X and Y with quasi-norm

IT|eca.8) = inf{C = 0 | [Tallp < Clla].4}.
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An interpolation functor is said to be bounded if there exists a constant C such that

1T a8y = CIT [ eam) := max(||T || £ca9,80): 1T [ £a1.51))

provided the inclusions in A € &(A) and &(B) € B have norm < 1. If moreover
C = 1, then the interpolation functor is called exact.

The references [6, 25,40, 59] are recommended for further reading on categories
and functors in interpolation. (see also [9, 17-20])

In [41], a family of interpolation spaces has been introduced using the family
of functionals ®g,, —00 < € < 00,—00 < g < co with values inm = [0, 00]
defined for all positive measurable functions on (0, o) by

e dr 1
B lh] = ( A (o).

The set Ag 4k, where 0 < 8 < 1,0 <g <oo(orf =0,g =ococorf =1,g = 00),
consists of all a € X'(A) for which

lallag,:x = Poql(Ki(t;a)] < oo.

In [41] it was shown that Ag,.x is a (c,¢™)-normed abelian group with ¢* =
min(l,¢), ¢ = ¢j7%¢! and the (c,¢*)-norm || - [|s,,., (and consequently also
a quasinormed abelian group); and the correspondence A +— Ag .k is an exact
interpolation functor. More precisely, 7 : A - B = T : A — B holds for any
quasinormed abelian couples A = {Ap, Ai} and B = {By, B} with 4 = Ag .x
and B = By 4k, and the following convexity inequality holds

1-6 o
1T lecamy = NT M aag s 1 T 124, 5y)-

implying exactness. Also, in [41], interpolation functor (method) and interpolation
spaces Agg;; associated with J-functional where defined, and the equivalence
theorem, Ag 4.y = Agq:x if 0 < 0 < 1,0 < g < oo, was proved via equivalence of
norms, thus allowing to drop K and J from the notations Ag ;.

For the E-functional, Ay 4; £ consists of all a € X' (A) for which

lalla,,.r = P-aql(E(;a)] <00, 0<a<o00,0<r=<oco (ora=0,r=00).

In [41] it was proved that if A is a ¢ -normed abelian couple with © = {co, ¢1 }, then
a + |alla,,., defines a (c,g*)-normin Ay 4z with ¢* = min(1,¢) and ¢ = ¢;cj.
The interpolation spaces obtained by K and hence also J methods can be expressed

. . . 0
via approximation spaces Ag,.x = A[l] L6g:E
7 ~1.0¢;

group A with the new quasi-norm equal to the #-th power of the original quasi-
norm [41, Theorem 5.10]. Moreover, (Agg ro;Es Aairi:E)0.:K = A(1—8)ag+001.:E
for ag # o (see [41, Theorem 5.11] or [5, Theorem 7.1.8]). The spaces Ay 4

where Al%) is the original abelian
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are called approximation spaces due to their important connection to approximation
of functions (see [41] and [5]). In [41], it is explained how L, spaces, L, spaces
with weights, Lorentz spaces L, ,, Besov spaces can be expressed as interpolation
and as approximation spaces and connection of interpolation and approximation
spaces to approximation by rational functions and by spline functions and to spaces
of functions of bounded variation and the spaces Lip(«, p) defined by Lipschitz
condition of exponent « in the L, metric.

The interpolation and approximation spaces defined in [41] can be naturally
applied to spaces (abelian groups) of linear, or sometimes non-linear operators from
one Banach space to another.

Let {Sp, oo} be the 1-normed abelian couple linear operators of finite rank
Sy = 6y(A4, B) and bounded linear operators S = Soo(A4, B) = L£o0(A, B)
with the norms defined by |7, =rank7 = dimp T (4) and |T|e., =
supy,y,<i I Tall 3. The E-functional for this abelian couple is

E(t,T;{60,60}) = inf |T —S|e, = inf sup ||[Ta— Sals.

ISlleq=t ISlso=t Ja|4<1

One of the important facts linking E-functional and thus interpolation and approx-
imation spaces to operator theory and spectral theory is the fact that approximation
(singular, Schmidt) numbers s, of operator T (in the notation of Gohberg-Krein
book [11] for Hilbert space case) can be expressed as values of the E-functional at
integer points for this abelian couple

Sn41(T) = E(t,T;(6p,60)), for ¢ =ninteger.

Within the framework of £ method the p-th trace class &, = &,(4, B) can be
defined (see [41]) as the group corresponding to the norm

IT]s, = ( /0 E(.T: (G0, Go0))dt)

and viewed as the approximation space obtained by £ method and as interpolation
space obtained by K method (see [41, Theorems 7.1, 7.2], [S] and for Hilbert space
case [33,57]):

1
617 = (607600)%47;5 = (607600),[9?;;[(, 0 = L, (131)

1 1-0 0
S, =(6,,6,)0:k, — = + —.
)4 pos O p1)o.psK » Do Y

(13.2)

A closely related class of p-nuclear operators 91, = 91,(A, B) consists of linear
operators which can be represented in the form Ta = Y :2, A;{a,a’)b; where

(Z;ﬁl |)L,-|P)% < oo, llaillar < 1, ||billp < 1, A" is the dual of A and (-, ")
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is the duality between A and A’. The norm in 91, is defined by Tln, =

inf(}>_52, |)L,-|P)%. When A and B are Hilbert spaces, 91, = &, (see [11] and
[32]). For Banach spaces the inclusions 9, € &, and 6, C I, if p <
1 and é > % — 1 were proven in [41, Proposition 7.1]. For the product of
operators the following inequalities hold: ||TS|s, < min{||T ||g,,||S|s,} and
1TSlew < ITlexllSlles similarly to the product of functions || fglle, <

min{[| /|l g,. [Ig]leo} and [ fglleee = I/ e [Igll2oe- The classes &,(A4, B) and
N, (A, B) are quasinormed ideals in the sense of Triebel (see [58], and for the

normed ideal case [43,44]). This indicates that the interpolation couples {Sg, G0}
and {Lo, Lo} (and it’s discrete analogue {ly,/~}) are closely related not only
as spaces but also as rings (algebras) with respect operator composition and
pointwise multiplication of functions respectively. In this direction, substantial
progress is made in operator theory and operator algebras in investigation of ideals
of operators on Hilbert spaces. Many important problems and important aspects
of approximation and interpolation methods for operator ideals in Banach algebras
and quasi-Banach algebras in the context of Banach spaces are to large extent open
research directions with many interesting potential applications in other parts of
mathematics and in important Physics and Engineering problems.

As pointed out in [41], the framework of interpolation and approximation spaces
of quasinormed abelian groups can be applied to non-linear operators as well. The
space of all bounded linear operators £ = £(A4, B) can be embedded isometrically
in & = &(A, B), the abelian group of mappings from the unit ball of A4 into B
with 1-norm || T'[|¢(4.8) = supy,j<i [ITa| 5. For any couple {¥, &} where ¢ is any
normed abelian group of operators, the E-functional is

E(t,T;{¥9,6}) = inf sup ||[Ta— Sals.

ISl <t a) 4<1

and can be used to define the corresponding approximation and interpolation spaces
(groups). For example, if ¢ are either operators with range of finite dimension or
operators with range of finite cardinality then (¢, &)y o0:r are the diameter and
entropy quasi-norm ideals of Triebel [58]. Another special case when & is taken
to be £(Ao, B) is of interest in connection with the problem of best numerical
differentiation [37,39,41,53].

13.3 Interpolation and Non-commutative Integration

In [42],J. Peetre and G. Sparr made important progress in the direction of unification
of interpolation and approximation for commutative and non-commutative spaces
by developing a general framework combining interpolation with the theory of
non-commutative integration and non-commutative L , spaces over a (regular) gage
space as developed by I. Segal [47], R. A. Kunze [28] and W. Stinespring [50]. The
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general approximation and interpolation approach developed by Sparr and Peetre in
[41] and [42] is very fruitful and can be applied in many at first seemingly unrelated
contexts and serve as a unified framework for non-commutative L, spaces, various
transforms as for example Fourier (-Segal) transform on unimodular groups [28],
the Weyl transform for finite and infinite number of dimensions using formalism
of (boson or fermion) Fock spaces of interest from the point of view of quantum
field theory, and the spinor transform generalizing [30], [51] involved deeply with
Lie algebras and Lie groups, Clifford algebras, Gelfand-Naimark-Segal (GNS)
construction and central states in operator algebras (von Neumann algebras, C *-
algebras). Another interesting paper, called “Non-commutative interpolation”, by
Peetre [38], concerned with interpolation spaces between a given Banach space and
definition domains of operators on this space representing elements (Lie algebra
generators or linear basis) in a Lie algebra. This paper might provide ideas and moti-
vation for investigation of similar interpolation properties for definition domains
of unbounded operators arising in connection to other important non-commutative
algebras then Lie algebras.

Segal’s gage spaces are triples I" = (J7, o/, m) where A is a von Neumann
algebra, that is some weakly/strongly closed x-algebra of the algebra of bounded
operators .Z(#°) on a Hilbert space 7 and m is a (regular) gage on <7, that is
a mapping m : projections in &/ = R4 such that m(P) = O only if P = 0, m
is additive on orthogonal sums (hulls) of projections, invariant under action of the
group of unitaries m(UPU ') = m(P) if U~! = U* unitary, and every projection
in 7 is a hull of m-finite projections. One can define classes of measurable operators
on a gage space I and using spectral resolution 7 = fooo AdP (M) extend m to
positive measurable operators by m(T) = fooo Adm(PA)).If m(T) < oothenT is
called integrable and m can be extended by linearity to general integrable operators
which belong to hull of positive integrable ones. Important examples of such gage
spaces are numerous:

(a) (commutative space case) triples (Lo(M), Loo(M),m) with elements in
Loo(M) identified with the corresponding multiplication operator on L, (M)
where M = (X, %, m) consists of a measure m on a Boolean ring of subsets
% of a space X

(b) the triple (7, Z (), tr) where tr is ordinary (von Neumann) trace, in
particular on projections m(P) = tr(P) = rank(P) and m(co) < oo if and
only if rank(P) < oo;

(c) more general class of gage spaces I' = (47, &7, m) consist of 7 being sections
f = {fy} of a Hilbert space bundle .7 = {J#;},ex over a measure space
(X, #.m) with [, |l f<l?dx < oo, o being sections T = {T} of the operator
bundle {.Z (;)}xex withsup,cy [|7x|| < oo, and m(T) = [, tr(Ty)dm;

(d) Gage spaces associated to groups G=rI = (L2(G), o7, m) where L,(G) is
a Hilbert space of square integrable functions on a unimodular group provided
with Haar measure dg, </ is the von Neumann algebra generated by all left
regular representation operators {L, /() = f(g7'")}¢eq, and m(P) = || f|?
is a projection of the form P = Ly : p > f x¢p = [ Lo fp(g)dg;
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(e) for compact groups one can take more explicitly G to be the space of all
equivalence classes of irreducible unitary representations of G provided with
the discrete measure m which for a corresponding to a point x € X irreducible
unitary representation U™ on a (finite-dimensional) Hilbert space V* associates
the mass equal to dim V'~.

In [42], it was remarked that all these cases of the gage spaces are of the simplest
type which can be treated using [41] directly, but also that there are many other
interesting spaces and algebraic structures where the methods of [42] and [41]
may be applied, thus motivating further investigations of applications of the general
approach of [42] to other gage or gage-like spaces combined with developing inter-
polation methods for other non-commutative algebraic and topological structures
than normed linear spaces following in footsteps of [41].

Many interesting important extensions of the described classes of gage spaces are
possible and important for applications of interpolation theory. For instance, in the
case of gage spaces of operators or in general operator bundles, .2 ({ %} x)xex, it is
a direction of great interest to develop further the interpolation approach for bundles
of other von-Neumann algebras provided proper extension of trace-like functionals
can be defined (like for example Dixmier trace, center valued traces etc ...) [8]; and
in case of gage spaces associated to groups extend it to non-unimodular groups and
to semigroups in various ways.

In [42], for a general gage space I' = (¢, &/, m), the non-commutative L, =
L ,(I") spaces are defined as consisting of measurable operators 7" with

1
17Nz, =Tz, =m(T|")? < oo

where |T'| is a positive measurable operator equivalent to T (e.g. |T| = /T T%*).
For positive operators

1Tl = ( /O APdm(P()))7.

If 1 < p < oo, then | T], is norm, butif 0 < p < 1 itis only a quasi-norm. It can
be shown that L, is complete and so for 1 < p < oo it is a Banach space and for
0 < p < litis a quasi-Banach space. In [42], with this non-commutative L, was
associated another analogous family of spaces

L,=Ly(I) =L

ITlz, =ITl7,. = min(l, p).

For 1 < p < oo nothing changed ]:,, = L,. Howeverif 0 < p < 1 then I:p isa
quasinormed abelian group (p-normed vector space) thus requiring the framework
of interpolation of quasinormed abelian groups developed in [41]. The spaces L
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and L, are obtained by passing to the limits p — 0 and p — oo, and so Ly is the
space corresponding to the 0-norm || 7|7 = m(suppT’) where suppT is the smallest
projection P € o7 such that PT = T; and Lo, = L is the space corresponding
o |7z, = ITlleee = IT|2() the restriction to & of the norm in £ ().
In special cases, these spaces give the usual commutative L, space as well as trace
classes &, () of operators and also S -

Interpolation of these non-commutative L, and L » spaces for arbitrary gage
spaces I' = (7, .o/, m) can be naturally developed within the framework of
interpolation of quasinormed abelian groups from [41]. For a quasinormed abelian
couple {Lo, Loo} the E-functional of T € o

T*(t) = E(t,T:(Lo. L)) = _inf |IT =S| _.

ISz, =<t
the decreasing rearrangement of 7', satisfies the very useful important inequality
(T + To)*(t1 + 1) < TV (1) + T (12).

In [41], non-commutative Lorentz spaces are defined analogously with the commu-
tative situation, as approximation spaces L, (") = L,, = (Lo, Loo)aq;E With
o = - meaning that T € L, if and only if

o dt 1
I,y = ([ G701 <.
For p = ¢ this becomes
o0 dt 1
([ orh <.
0

Since the decreasing rearrangement 7' *(¢) as function of ¢ is inverse of the function
A+ m(P (L)) where A — P(A) is the spectral resolution of the operator |T'|, the
previous inequality simply is equivalent to fooo APdm(P(1)) < oo, which means
that L,, = L,if p =gq.

By [41], the Lorentz spaces can be also expressed as interpolation space by K
method [42, Theorems 2.1, 2.2]:

(3] g _P

Lpr(I') = Lp, = (Lo, Loo)e,q;K’ p+ 1

r = 6q.

and also by reiteration theorem for K method [41, Theorem 5.11],

/ 1 1-0 0
a = (Lporos Lpir)og:k s L,=(LpyLp)ogx, — = + =
pq Po.ro pr1.riJv.q p Po pr1Jvgq P Po 2




338 S. Silvestrov

Therefore the spaces L,, and in particular L, can be reconstructed from the
couple {Lg, Lo} via interpolation. For the Banach couple {L, L}, the following
important general formula connecting K-functional and decreasing rearrangement
holds:

K, T;{Li,Lo}) = /Z T*(s)ds.
0

Using this representation of K -functional one can show that

1
(leLoo)G,q;K = Lp,q, (le Loo)@,p;K = va 0=1- ;

and moreover for 1 < p < oo, the noncommutative L, is an interpolation K space
for the Banach couple {L1, L}, i.. there exists a functional @ such that |7, =
DK (t,T)].

These results on interpolation and non-commutative integration and their further
improvements and applications have intimate connection to inequalities of Hardy,
Holder, Minkowski, Hausdorff-Young, Carson and other famous inequalities and
open many interesting opportunities for their improvements and generalizations [4,
27,29].

The expression relating E-functional and decreasing rearrangement of operators
is important tool in interpolation theory, its application for non-commutative
integration as well as in several other directions in analysis, in operator theory and in
various applications. One of such directions is investigation of operator and matrix
monotone or convex functions including also Lowner theory closely concerned
with analytic continuation, Pick functions, generalizations of spline approximations
and several other deep topics in analysis and in matrix and operator theory as
well as in applications to quantum physics, especially in quantum information
theory and quantum computing, and also in engineering control methods in signal
processing (for example in MIMO systems). An interesting original contribution
in this direction is a paper by Gunnar Sparr [49]. In addition to a new proof
of Lowner theorem on integral representation of operator monotone functions,
this paper contains several interesting open problems about inclusions and gaps
between some new function classes arising in this context and used in the proof,
and classes of matrix monotone functions. For matrix monotone functions the
problem of description of the gaps between classes of matrix monotone or matrix
convex functions on matrices of different dimensions, as well as classes of matrix
and operator monotone and convex functions in C*-algebras context, have been
addressed in [34-36, 52]. In particular, in [15] it was proved by presenting explicit
function that all the gaps between classes of these functions for different sizes of
matrices are non-empty, which is a solution of a problem of proving this fact that
remained open for several decades. In [35] it was shown that there are infinitely
many functions in the gaps and that many such functions can be constructed using
solutions of truncated moment problem. That abundance and the explicit way of
construction of such functions in the gaps allows to use them in investigation of
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the open problem about the gaps between classes of functions defined in [49].
The connections of operator monotone and convex functions with interpolation of
functions, Pick functions and completely positive maps, both in context of operators
and in context of C*-algebras were considered in [3], where some open problems
on inclusions between interpolation function classes and classes of matrix monotone
functions have been solved using in substantial way techniques developed in [49].

Non-commutative integration and non-commutative interpolation is one of the
important themes considered in the area of operator algebras, especially von-
Neumann algebras, for example in connection to Tomita-Takesaki theory, clas-
sification problems and many other important topics in operator algebras and
its applications in Non-commutative geometry. There is an increasing interest in
operator algebras, Banach algebras, operator spaces and non-commutative geometry
in building closer links of non-commmutative integration and non-commutative
spaces with methods results and notions developed in interpolation theory. As a
gateway to those closely related important developments the following references
are highly recommended [1, 4, 8, 10, 12-14, 16, 21-24, 26, 31, 45, 46, 54-56].
In the context of operator algebras, operator spaces, Banach algebras and non-
commutative geometry, the works of Peetre and Sparr on interpolation of normed
and quasinormed abelian groups and on interpolation and non-commutative inte-
gration [41,42] certainly stand out as important pioneering contributions, yet to be
properly discovered and explored.
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